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Preface

This book is the outgrowth of a course given for a number of years in the
Division of Applied Mathematics at Brown University. Most of the students
were in their first and second years of graduate study in applied mathematics,
although some were in engineering and pure mathematics. The purpose of the
book is threefold. First, it is intended to familiarize the reader with some of
the problems and techniques in ordinary differential equations, with the
emphasis on nonlinear problems. Second, it is hoped that the material is
presented in a way that will prepare the reader for intelligent study of the
current literature and for research in differential equations. Third, in order
not to lose sight of the applied side of the subject, considerable space has
been devoted to specific analytical methods which are presently widely
used in the applications.

Since the emphasis throughout is on nonlinear phenomena, the global
theory of two-dimensional systems has been presented immediately after
the fundamental theory of existence, uniqueness, and continuous depen-
dence. This also has the advantage of giving the student specific examples
and concepts which serve to motivate study of later chapters. Since a satis-
factory global theory for general n-dimensional systems is not available, we
naturally turn to local problems and, in particular, to the behavior of solu-
tions of differential equations near invariant sets. In the applications it is
necessary not only to study the effect of variations of the initial data but also
in the vector field. These are discussed in detail in Chapters III and IV in
which the invariant set is an equilibrium point. In this way many of the basic
and powerful methods in differential equations can be examined at an elemen-
tary level. The analytical methods developed in these chapters are immediately
applicable to the most widely used technique in the practical theory of non-
linear oscillations, the method of averaging, which is treated in Chapter V.
When the invariant set corresponds to a periodic orbit and only autonomous
perturbations in the vector field are permitted, the discussion is similar to
that for an equilibrium point and is given in Chapter VI. On the other hand,
when the perturbations in the vector field are nonautonomous or the invari-
ant set is a closed curve with equilibrium points, life is not so simple. In
Chapter VII an attempt has been made to present this more complicated
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X PREFACE

and important subject in such a way that the theory is a natural generaliza-
tion of the theory in Chapter IV. Chapter VIII is devoted to a general method
for determining when a periodic differential equation containing a small
parameter has a periodic solution. The reason for devoting a chapter to this
subject is that important conclusions are easily obtained for Hamiltonian
systems in this framework and the method can be generalized to apply to
problems in other fields such as partial differential, integral, and functional
differential equations. The abstract generalization is made in Chapter IX
with an application to analytic solutions of linear systems with a singularity,
but space did not permit applications to other fields. The last chapter is
devoted to elementary results and applications of the direct method of
Lyapunov to stability theory. Except for Chapter I this topic is independent
of the remainder of the book and was placed at the end to preserve continuity
of ideas. ‘

For the sake of efficiency and to acquaint the student with concrete
applications of elementary concepts from functional analysis, I have pre-
sented the material with an element of abstraction. Relevant background
material appears in Chapter 0 and in the appendix on almost periodic
functions, although I assume that the reader has had a course in advanced
calculus. A one-semester course at Brown University usually covers the
saddlepoint property in Chapter III; the second semester is devoted to
selections from the remaining chapters. Throughout the book I have made
suggestions for further study and have provided exercises, some of which are
difficult. The difficulty usually arises because the exercises are introduced
when very little technique has been developed. This procedure was followed
to permit the student to develop his own ideas and intuition. Plenty of time
should be allowed for the exercises and appropriate hints should be given
when the student is prepared to receive them.

No attempt has been made to cover all aspects of differential equations.
Lack of space, however, forced the omission of certain topics that contribute
to the overall objective outlined above; for example, the general subject of
boundary value problems and Green’s functions belong in the vocabulary of
every serious student of differential equations. This omission is partly justi-
fied by the fact that this topic is usually treated in other courses in applied
mathematics and, in addition, excellent presentations are available in the
literature. Also, specific applications had to be suppressed, but individuals
with special interest can .easily make the correlation with the theoretical
results herein.

I have received invaluable assistance in many conversations with my
colleagues and students at Brown University. Special thanks are due to
C. Olech for his direct contribution to the presentation of two-dimensional
systems, to M. Jacobs for his thought-provoking criticisms of many parts of
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the original manuscript, and to W. S. Hall and D. Sweet for their comments.
I am indebted to K. Nolan for her endurance in the excellent preparation of
the manuscript. I also wish to thank the staff of Interscience for being so
efficient and cooperative during the production process.

Jack K. Hale

Providence, Rhode Island
September, 1969

Preface to Revised Edition

For this revised edition, I am indebted to several colleagues for their assis-
tance in the elimination of misprints and the clarification of the presentation.
The section on integral manifolds has been enlarged to include a more detailed
discussion of stability. In Chapter VIII, new material is included on Hopf bi-
furcation, bifurcation with several independent parameters and subharmonic
solutions. A new section in Chapter X deals with Wazewski’s principle. The
Appendix on almost periodic functions has been completely rewirtten using
the modern definition of Bochner.

Jack K. Hale
April 1980
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CHAPTER 0

Mathematical Preliminaries

In this chapter we collect a number of basic facts from analysis which
play an important role in the theory of differential equations.

0.1. Banach Spaces and Examples

Set intersection is denoted by N, set union by U, set inclusion by = and
x € 8 denotes x is a member of the set S. R (or C) will denote the real (or
complex) field. An abstract linear vector space (or linear space) & over R (or C)
is a collection of elements {z, ¥, ...} such that foreach z,y in &, the sum z + y
is defined, x +y € &, x +y =y + = and there is an element 0 in & such that
x4+ 0 ==z for allx € Z. Also for any number a, b € R (or C), scalar multiplica-
tion ax is defined, axe & and 1-z ==, (ab)x =a(bx) =b(ax), (@ + b)x =
ax + by for all z, y € Z. A linear space & is a normed linear space if to each x
in &, there corresponds a real number |z| called the norm of # which satisfies

(i) || >0 for x50, |0| =0;.
(i) |z +y| £ |#| + |y| (triangle inequality);
(i) |az| =|a|-|x| for all @ in R (or C) and z in X.

When confusion may arise, we will write |-|, for the norm function on &.
A sequence {x,} in a normed linear space & converges to x in & if
limy_ 0 |2n — 2| =0. We shall write this as lim x, =z. A sequence {z,} in
% ‘is a Cauchy sequence if.for every & >0, there is an N(¢) >0 such that
|%n —2m| < & if n, m = N(e). The space & is complete if every Cauchy se-
quence in & converges to an element of . A complete normed linear space
is a Banach space. The e-neighborhood of an element x of a normed linear
space & is {y in &:|y —z| < &}. A set S in & is open if for every z € S, an
e-neighborhood of x is also contained in . An element z is a limit point of
a set S if each e-neighborhood of x contains points of S. A set S is closed if
it contains its limit points. The closure of a set'S is the union of S and its
limit points. A set S is dense in & if the closure of S is Z'. If S is a subset of &,

1



2 ORDINARY DIFFERENTIAL EQUATIONS

A is a subset of Rand Vg, a € 4 is a collection of open sets of & such that
U“ 4Va > 8S. then the collection ¥, is called an open covering of S. A set S
in Z is compact if every open covering of S contains a finite number of open
sets which also cover S. For Banach spaces, this is equivalent to the following:
a set S in a Banach space is compact if every sequence {x,}, x5 € S, contains
a subsequence which converges to an element of S. A set S in & is bounded if
there exists an r >0 such that S < {x € Z: |2| <r}.

Example 1.1. Let R%(C") be the space of real (complex) n-dimensional
column vectors. For a particular coordinate system, elements x in R*(C") will
be written as x = (21, ..., ») where each z; is in R(C). If x = (x1, ..., za),
¥y =(y1, - .., Yn) are in R7(Cn), then ax + by for a, b in R(C) is defined to be
(az1 + bya, ..., axy + bys). The space R7(C") is clearly a linear space. It is a
Banach space if we choose |z|,  =col(x1, ..., @p), to be either sups|xi|,
zi |4 or [Zilxi|2]%~ Each of these norms is equivalent in the sense that a
sequence converging in one norm converges in any of the other norms. R2(C")
is complete because convergence implies coordinate wise convergence and
R(C) is complete.

A set S in Rn(C7) is compact if and only if it is closed and bourided.

Exgrcise 1.1. If E is a finite dimensional linear vector space and ||,
II-]| are two norms on E, prove there are positive constants m, M such that
m|x| < ||lz|| £ M |z| for all z in E.

Example 1.2. Let D be a compact subset of R™ [or C™] and (D, R»)
[or €(D, Cn)] be the linear space of continuous functions which take D into
R» [or C*]. A sequence of functions {¢,, n=1, 2, ...} in €(D, Rn) is said
to converge uniformly on D if there exists a function ¢ taking D into Rn
such that for every & >0 there is an N(¢) (independent of n) such that
|pn(x) — p(x)| < € for alln = N(e) and = in D. A sequence {¢}} is said to be
uniformly bounded if there exists an M > 0 such that |pu(x)| <M for all x
in D and all n =1, 2, .... A sequence {¢,} is said to be equicontinuous if,
for every & >0, there is a 6 > 0 such that

|¢n(x)—fﬁn(y)| <e n=1,2 ...,

if |t —y| <8, x, y in D. A function f in (D, R*) is said to be Lipschitzian
in D if there is a constant K such that |f(x) — f(y)] £ K|z —y| for all
z,y, in D. The most frequently encountered equicontinuous sequences
in (D, R™) are sequences {¢,} which are Lipschitzian with a Lipschitz
constant independent of n.

Lemma 1.1. (Ascoli-Arzela). Any uniformly bounded equicontinuous
sequence of functions in (D, B*) has a subsequence which converges uni-
formly on D.
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LemMma 1.2. If a sequence in €(D, R”) converges uniformly on D, then
the limit function is in €(D, R»).
If we define

|$| = max|d(z)],
zeD

then one easily shows this is a norm on ¢(D, E") and the above lemmas show
that €(D, R") is a Banach space with this norm. The same remarks apply to
€(D, Cn).

ExEercISE 1.2. Suppose m =n = 1. Show that ¥ (D, R) is a normed
linear space with the norm defined by

I$1l= [,|¢(@) de.

Give an example to show why this space is not complete. What is the com-
pletion of this space?

0.2. Linear Transformations

A function taking a set A of some space into a set B of some space will
be referred to as a transformation or mapping of A into B. A4 will be called
the domain of the mapping and the set of values of the mapping will be called
the range of the mapping. If f is a mapping of 4 into B, we simply write
f: A— Band denote the range of f by f(A4). If f: A— B is one to one and
continuous together with its inverse, then we say f is a homeomorphism of A
onto B. If &, % are real (or complex) Banach spaces and f: & — % is such that
f(@1x1 + as x2) = a1f (x1) + a2 f(x2) for all x1, 22 in & and all real (or complex)
numbers a1, az, then fis called a linear mapping. A linear mapping f of Z into
% is said to be bounded if there is a constant K such that | f(z)|g < K|z|, for
all z in Z.

Lemma 2.1. Suppose &, ¥ are Banach spaces. A linear mapping
f: & —% is bounded if and only if it is continuous.

ExXERCISE 2.1.  Prove this lemma.

Exercise 2.2. Show that each linear mapping of R” (or C?) into
Rm (or C™) can be represented by an m X » real (or complex) matrix and is
therefore necessarily continuous.

The norm | f| of a continuous linear mapping f: & —% is defined as

|f] =sup{| fz|a: |2|y =1}
It is easy to show that | f| defined in this way satisfies the properties (i)-(iii)
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in the definition of a norm and also that
|felg < |f|*|%ly  forall zin Z.

If a linear map taking an n-dimensional linear space into an m-dimensional
linear space is defined by an m X n matrix 4, we write its norm as |4].

ExEeroise 2.3. If &, ¥ are Banach spaces, let L(Z, %) be the set of
bounded linear operators taking & into %. Prove the L(%, %) is a Banach
space with the norm defined above.

Example 2.1. Define f: €([0, 1], R) > R by f(¢) = fo‘ ¢(s) ds. The map
f is linear and continuous with |f| =1.

Example 2.2. Define S = {¢ in €([0, 1], R) which have a continuous
first derivative}. S is dense in €([0, 1], R*). For any ¢ in S, define fé(t) =
d¢(t)/dt, 0 <t < 1. The function f is linear but not bounded. In fact, the se-
quence of functions ¢,(t) =7, 0 <t < 1, satisfies |[¢n|| =1, but ||fés|| =n.
Another way to show unboundedness is to prove f is not continuous. Consider
the functions ¢n(t) =t7 —in+l, 0 <t <1, n 2 1. In ([0, 1], R), ¢ —0 as
n—> 00, but féu(t) =t*"1n — (n + 1){] and fén(1) = —1, which does not
approach zero as n — oo.

Another very important tool from functional analysis which can be used
frequently in differential equations is the principle of uniform boundedness.
In this book, we have chosen to circumvent this principle by using more
elementary proofs except in one instance in Chapter IV.

Principle of uniform boundedness

Suppose & is an index set and T, « in &, are bounded linear maps
from a Banach space & to a Banach space # suchthat for each z in %,
Sup, in w| Te | < c0. Then sup, ;, 4| Te| < co.

0.3 Fixed Point Theorems

A fixed point of a transformation T': & — & is a point z in & -such that
Tz = z. Theorems concerning the existence of a fixed point of a transforma-
tion are very convenient in differential equations even though not absolutely
necessary. Such theorems should be considered as a tool which avoids the
repetition of standard arguments and permits one to concentrate on the essen-
tial elements of the problem.

One standard tool in analysis is successive approximations. The basic
elements of the method of successive approximations have been abstracted
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into the so called contraction mapping principle by Banach and Cacciopoli.

If & is a subset of a Banach space & and 7T is a transformation taking &
into a Banach space # (written as T': & — %), then T is aon
& if there is a A, 0 £ A <1, such that

The constant A is called the contraction constant for T on F.

THEOREM 3.1. (Contraction mappi inciple of Banach-Cacciopols
If # is a closed subset of a Banach space & and T': & —& is a contraction|
on &, then T has a unique fixed point £ in &. Also, if 2o in & is arbitrary, then
the sequence {xy+1 =Tz, n=0, 1, 2, ...} converges to  as n— 00 and
| —2n| < A" |21 — 20| /(1 — A), where A <1 is the contraction constant for 7'
on #.

Proor. " Uniqueness. If 0 < A <1 is the contraction constant for 7' on
F,x=Tx, y=Ty, x, ye F, then |x —y| =|Tex — Ty| £ |z —y|. This
implies | —y| < 0 and thus [z —y| =0 and z =y.

Existence. Let xo be arbitrary, and zpy1 =Ty, n =0, 1,2,.... By
hypotheses, each 25,7 =0, 1, ..., is in &. Also, |2p+1 — Za| £ A|2n — 241
<o ZAn|2y —2o|, n =0, 1, .... Thus, for m >n,

|Tm — 2n| < |Tm — Tm-1] + |Zm-1 — Tm—g| +*** + |Tn+1 — 20|
SAmL - Am-2 - 4 A%] |21 — 20|
=M1 4 A+ 4 Amn1] |y —

[ — xm-n]

1—-2A 1—2A

Thus the sequence {z,} forms a Cauchy sequence and there is an % in & such
that limy,_« 2, = &. Since & is closed, % is in & . Since T is continuous and
|| is continuous (the latter because |x| —|xy — 2| < |24| < |20 — 2| + |2]),
it follows that

|21 — 0| < |1 — o|-

0 =lim |zm+1 — TZm| =|lim [Zm1 — Tzn]| =|% — T4,
w M—> 0 m-> o
which implies T'% = &. This gives the existence of a fixed point.
To prove the last estimate, take the limit as m — oo in the previous
estimate of |xy — x4|. This completes the proof of the theorem.

ExERCISE 3.1. Suppose & is a Banach space, T: Z — & is a continuous
linear operator with |T'| < 1. Show that I — 7', I the identity operator, has a
bounded inverse; that is, prove that the equation (I — T)x =y has a unique
solution # in & which depends continuously upon y in &
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Let &, % be Banach spaces and D be an open set in . A function
f: D—% is said to be (Frechet) differentiable at a point x in D if there is a
bounded linear operator A(x) taking & —% such that for every he & with
x4+ he D,
If(@+h) — fl@) — A@@)A] < p(|h], ),
where p(|h|, ) satisfies p(|h|, z)/|h| =0 as |h| —0. The linear operator A(x)
is called the derivative of f at  and A(x)h the differential of f at x.

ExERCISE 3.2. Suppose &', % are Banach spaces, &/ is an open subset
of Z,f: o >%, and
I S (2o + th)— f (xx0)
m— =

o0 : w(zo)h

exists for every zo € o, h € &, where the limit is taken for ¢ real. Suppose
w(xp) is a continuous linear mapping for all 29 € &/ and suppose w con-
sidered as a mapping from & into L(Z, %) is continuous, where L(%Z, %)
is defined in Exercise 2.3. Prove that f is (Frechet) differentiable with
derivative w(xo) at xp € .

ExErcisE 3.3. Prove that w(xp) of the previous exercise can exist for
every h, be a continuous linear mapping and not be the Frechet derivative
of fat zg € .

ExErciSE 3.4. Let €1([0, 1], R%) denote the space of continuously
differentiable functions z: [0, 1] — R7, with addition and scalar multiplication
defined in the usual way and let |x| =supo<,<1 |2(f)] 4+ supoge<1 |#(t)] Where
%(t) = dz/dt. Prove €1([0, 1], R") is a Banach space. o

Exercise 3.5. Let w: €1([0, 1], B”) X [0, 1]— R” be the evaluation
mapping, w(z, t) = z(t). Prove that w is continuously differentiable and com-
pute its derivative. Do this exercise two ways, using the definition of the
derivative and also Exercise 3.2.

If f: Rm — R» is differentiable at a point x, then A(z) = of (x)/0x =
(ofi(x)fox;, e =1,2,...,n,j=1,2,..., m), is the Jacobian matrix of f with
respect to .

For later reference, it is convenient to have notation for order relations.
We shall say a function f(x) = O(|#|) as |x| =0 if | f(z)|/|z| is bounded for x
in a neighborhood of zero and f(z)=o(|z|) as |z| >0 if |f(x)|/|z] >0 as
|z| —0.

Suppose & is a subset of a Banach space 4, ¢ is a subset of a Banach
space % and {T'y, y € ¥} is a family of operators taking # — % . The %perator
Ty is said to be a uniform contraction on F if Ty: F —F and there is a
A, 0 £ A <1 such that

|Tyx —Ty&| < Alx —&| forallyin 4, x, in F.
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In other words, 7'y is a contraction for each y in ¢ and the contraction con-
stant can be chosen independent of y in ¥.

.TreorEM 3.2. If & isa closed subset of a Banach space &', % is a subset
of a Banach space %, Ty: # — %, y in 4 is a uniform contraction on & and
Ty is continuous in y for each fixed z in &, then the unique fixed point
g(y) of Ty, y in &, is continuous in y. Furthermore, if #, 4 are the closures of
open sets #°, 9° and T'y x has continuous first derivatives A(z, y), B(z, y) in
y, «, respectively, then g(y) has a continuous first derivative with respect to
yin 9°.

CoroLLARY 3.1. Suppose & is a Banach space, ¢ is a subset of a
Banach space %, 4,: & —Z% are continuous linear operators for each y in
%,|4,| £8 <1lforallyin G and 4,z is continuous in y for each z in X. Then
the operator I — Ay has a bounded inverse which depends continuously
upon y, I —4,)" 1 L1 —8)"L.

Proors. Since Ty: F — & is a uniform contraction, there is a A,
0 <A <1 such that |Tyx —Ty& S Az —& forall yin ¥, z, £ in &F. Let
g(y) be the unique fixed point of Ty in & which exists from Theorem 3.1.
Then

gy +h) —9(y) = Tysng(y +h) — Tyg(y)

=Tyngy+h) — Tysn9(y) + Ty+n9(y) — Tyg(y),
and

lg(y + ) —g(y)| < Mgy +h) —9@)| + | Ty+r9(y) — Ty9(y)|.
This implies
lg(y +h) —g@)| £ (A —A) 1 Tysng(y) — Tyg(y)|-

Since T'yz is continuous in y for each fixed z in &, we see that g(y) is contin-
uous. This proves the first part of the theorem.

The proof of Corollary 3.1 is now almost immediate. In fact, we need to
show that the equation £ — 4, =z has a unique solution for each z in & and
this solution depends continuously upon y, z. This is equivalent to finding the
fixed points of the operator T'y, , deﬁned by Ty,,x =Ayx+ 2, xin Z. Since
Ay is a uniform contraction, (/ — A4, )~ exists, is bounded and continuous in y.
Also,if (I — Ay)x =y, then [y| 2 (1 — 8)Ix| and the proof of Corollary 3.1 is
complete.

To prove the last part of the theorem, suppose T,z has continuous
first derivatives A(z, y), B(x, y) with respect to y, z, respectively, for y € ¥°,
z € F°. Let us use the fact that g(y) = Tyg(y) and try to find the equation
that the differential z =C(y)h, b in % of g will have to satisfy if g has a
derivative C(y). If the chain rule of differentiation is valid then

z=B(g(y), y)=+ A(9(y), yh
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where % is an arbitrary element of %. It is easy to show that 7', being a uni-
form contraction implies | B(z,y)| <8< 1 for z in #°, y in ¥°.

Since | B(z, y)] <8 <1 for z in &#°, y in ¥°, an application of Corollary
3.1 implies, for each y in ¥°, h in &, the existence of a unique solution z(y, &)
of (3.1) which is continuous in y, . From uniqueness, one observes that
2(y, ah + Bu) = az(y, k) + Pz(y, u) for all scalars «, B and &,  in &; that is,
2(y, k) is linear in » and may be written as C(y)h, where C(y): % — % is a con-
tinuous linear operator for each y is also ‘continuous in y. To show that

C(y) is the derivative of g(y), let w = g(y + h) — g(y), B(g(y),y) = B(y),
A(g(y),y) = A(y) and observe that w satisfies the equation

w—B(y)w—A@y)h+ f(why) =0

where, for any € >0, there is a » > 0 such that |f(w,h,y)| < e(lw| + |h]) for
|l <v,yin%°. From Corollary 3.1,

— =BG 'A@)w+ Fwhy)=0

where |F(w,h,y)| < e(l — 6)_l(|w| + |hl) for |Al < w,yin %0 But, this
implies

lwl <ulkl,  p=21I-B@)] '4@) +1

— U~ BG) " Ae)h < .
for |A| < v. This shows that g(y) is continuously differentiable in y and the
derivative is given by C(y) satisfying Equation (3.1). This completes the proof
of the theorem.

To illustrate the contraction principle, we prove the following important
theorem of implicit functions. In the statement of this result det A for an
m X m matrix A denotes the determinant of 4.

THEOREM 3.3. (of Implicit Functions). Suppose F: Rm x R" — R™ has
continuous first partial derivatives and F(0, 0) = 0. If the Jacobian matrix
0F(z, y)|ox of F with respect to x satisfies det 9F(0, 0)/0x # 0, then there
exist neighborhoods U, V of 0 in R™, Rn, respectively, such that for each
fixed y in V the equation F(z, y) =0 has a unique solution z in U. Further-
more, this solution can be given as x =g(y), where g has continuous first
derivatives and g(0) =

Proor: Let us write
F(z,y) = Az — N(z, y),
oF(0,0)
ox

A=
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aF(0, 0)
ox

N(z,y) = z — F(z,y), N0, 0) =0.

From the expression for N, we have

oN(@,y) _0F(0,0) 0F(,y)
ox Oz ox

The hypothesis of continuity of 8 F(x, y)/ox implies N (x, y)/0x —O0 as x — 0,
y—>0. We therefore have the existence of a function k(y, p) which is con-
tinuous in y € R™ and p >.0 such that %(0, 0) =0 and

|N(z, y) — N(Z, y)| < k(y, p)|lz — 4|

for all y in R» and z, £ with |z, |#| < p. Since the matrix A is assumed to be
nonsingular, finding a solution to F(x, y) =0 is equivalent to finding a
solution of the equation x = A~1N(z, y), where A1 is the inverse of A. This
is equivalent to finding a fixed point of the operator 7'y: R™ — Rm defined
by Tyx = A-1N(x, y). We now show that T, is a contraction on an appropri-
ate set. There is a constant K (see Exercise 2.2) such that |4~1z| < K|z| for
all z in R™ and therefore

{
|Tya| =|A-1N(z, y)| £ K|N(z, y)|
=K|N(z,y) — N (0, y) + (0, )|
< Kk(y, p) 2| + K |N(0, y)|
|Tyx — Tyi| < Kk(y, p) |z — |

for ||, |£| < p and all y. Choose &, 8 positive and so small that

Kk(y, p)p+ K|N(0,9)| <e for |y <8, p<e,
sup{Kk(y, p), |y| £8,p < e} <1,

and let U = {z in R™: |z| < e}, V = {y in Rn: |y| <8}. It follows that Ty is
a uniform contraction of U into U for y in V. Therefore 7'y has a unique
fixed point g(y) in U from Theorem 3.1. It is clear that g(0) = 0. Since T'yz
is continuous in y for each z it follows from Theorem 3.2 that g(y) is con-
tinuous in y. Also Tyx has continuous first derivatives with respect to x
and y with the derivative with respect to z being given by A-1 oN(z, y)/ox.
Theorem 3.2 implies therefore the continuous differentiability of g(y) in y and
comnpletes the proof of the implicit function theorem.

ExEercise 3.6. State and prove a generalization of Theorem 3.3 for
Banach spaces. Hint: Redo the steps in the proof of Theorem 3.3 for Banach
spaces making appropriate changes and hypotheses where necessary.

The contraction mapping principle can be regarded as a fixed point
theorem. Other fixed point theorems of a more sophisticated type are very
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useful in differential equations. We formulate two more which are used in
this book.

An obvious fixed point theorem in one dimension is the following: any
continuous mapping of the closed interval [0, 1] into itself must have a fixed
point. The proof is obvious if one simply observes that the existence of a
fixed point is equivalent to saying that the graph of the function in 2-space
must cross the diagonal of the unit square with vertices at (0, 0), (1, 0),
(0, 1), (1, 1). After some thought it seems plausible that a similar result should
hold in higher dimensions but the proof is difficult. This is the celebrated

Brouwer Fixep PoiNT THEOREM. Any continuous mapping of the
closed unit ball in B” into itself must have a fixed point.

If a subset 4 of R® is homeomorphic to the closed unit ball in R” and f
is a continuous mapping of 4 into 4, then the Brouwer Fixed Point Theorem
implies f has a fixed point in 4.

Suppose f: R# — R® is a continuous mapping. The zeros of the function
f coincide with the fixed points of the mapping g defined by g(z) ==z + f(z).
If we can show that there is a set D in R” which is homeomorphic to the closed
unit ball in R” such that g takes D into D, then the Brouwer fixed point
theorem implies that g has a fixed point in D and f has a zero in D. This is a
very important application of the Brouwer fixed point theorem.

The Brouwer fixed point theorem has been generalized to Banach
spaces by Schauder and even more general spaces by Tychonov. We formulate
this result for Banach spaces. Recall that a subset &/ of a Banach space is
compact if any sequence {¢,}, n =1, 2, ... in o has a subsequence which
converges to an element of /. A subset o is convex if for z, y in o it follows
that tx + (1 —¢)y is in & for 0 <t < 1; that is, o/ contains the ““line seg-
ment "’ joining x and y. A mapping f of a Banach space & into a Banach space
% is said to be compact if for every bounded set o/ in & the closure of the
set {f(x),  in &/} is compact. If, in addition, f is continuous, it is called
completely continuous.

, | ScHauDER Fixep Pomnt THEoREM.| If of is a convex, compact subset
of a Banach space & and f: of — . is continuous, then f has a fixed point
in of.

CororLrLARY. If o is a closed, bounded, convex subset of a Banach
space & and f: of — & is completely continuous, then f has a fixed point in «/.

The proof of the corollary proceeds as follows: Since f(%/) = o/ and o/
is closed, the closure of f(</) belongs to &/ and is compact by hypothesis.
Furthermore, the convex closure & of f(&/) [the smallest closed convex set
containing f(s)] belongs to & since & is convex. A theorem &f Mazur
states that % is compact. Since B — &, f(#B) < f() = # and the previous
result implies the existence of a fixed point in # — «.
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As remarked earlier, the Schauder theorem was extended to more general
spaces (locally convex linear topological spaces) by Tychonov. We do not
wish to introduce all of the terminology of locally convex linear topological
spaces. In fact, the only such space for which we need the extended form of
this theorem is for the space of continuous functions f: R —C7 for which
convergence in the space is equivalent to uniform convergence on compact
subsets. A set is bounded in this space if all elements of the set are uniformly
bounded continuous functions. The statement of the extended form of this
theorem is now exactly the same as before. We will refer to the fixed point
theorem in this situation as the Schauder-Tychonov theorem.

ExErcise 3.7. Show the Schauder theorem is false if either the com-
pactness or the convexity of 4 is eliminated.

A very useful compact, convex subset of €(I,” R"), I a closed bounded
interval of R1, is obtained in the following manner. Suppose M, B are positive
constants and &/ is the subset of € (I, R") such that ¢ in & implies |¢| < B,
|p(t) — b(?)] < M|t —¢|,fort, Ein I. The set o is obviously convex and closed.
Furthermore, any sequence {¢,} in &/ is uniformly bounded and equi-
continuous. Lemmas 1.1 and 1.2 imply the existence of a ¢ in ¥(I, R*) such
that limy_ o ¢n =¢. But o is closed so that ¢ belongs to &. This proves
compactness of <.

The following books are standard references on analysis and functional
analysis.

Dunford, N., and J. T. Schwartz, Linear Operators, Part I : General Theory, Interscience,
New York, 1964.

Graves, L. M., The Theory of Functions of Real Variables, 2nd Edition, McGraw-Hill,
New York, 1956.

Hurewicz, W., and H. Walman, Dimension Theory, Princeton University Press,
Princeton, N.J., 1941. .

Liusternik, L. A., and V. J. Sobolev, Elements of Functional Analysis, Ungar, New York,
1965.

Rudin, W., Real and Complex Analysis, McGraw-Hill, New York, 1966.

Yoshida, K., Functional Analysis, Springer-Verlag, Berlin, 1965.



CHAPTER I
General Properties of Differential Equations

The purpose of this chapter is to discuss those properties of differential
equations which are not dependent upon the specific form of the vector field.
The basic existence theorem of Section 1 shows that a differential equation
does define a family of functions and Sections 2 and 3 discuss the dependence
of this family upon the initial values and parameters. Section 4 contrasts the
concept of stability with the concept of continuous dependence upon initial
values. Section 5 is concerned with differential equations with vector fields
that are only Lebesgue integrable in f. Section 6 is devoted to differential
inequalities and their application to the problem of obtaining upper and lower
bounds for solutions of differential equations. Sections 7 and 8 deal with
some properties of the solution of differential equations which are character-
istic of the fact that the vector field is independent of time; namely, the
existence of cylinders of orbits near regular points and the concepts of
invariant and minimal sets.

I.1. Existence

Let t be a real scalar; let D be an open set in R7+1 with an element of
D written as (¢, ); let f: D — R%, be continuous and let £ = dz/dt. A differen-
tial equation is a relation of the form

1.1) () = f(t, x(t)) or, briefly & =f(t, ).

We say « is alsolution}of (1.1) on an interval I = R if x is a continuously
differentiable function defined on I, (¢, z(t)) € D, t € I and x satisfies (1.1)
on I. We refer to f as a vector field on D.

. 1
Example 1.1. Let D = R2, f(t, x) =«2. The function $(¢) = Ty

¢ an arbitrary real number, ¢ # 0, is a solution of # =22 for ¢ € (—¢, o0) if
¢>0;te(—o0, —c)if ¢ <0. (See Fig. 1.1).

12
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x

t==c>0

__,4
—
—c<0/

t=-¢c<0

Figure 1.1.1

Example 1.2. Let D = R2, f(t, ) = 1/z for 2 20, =0 for  <0. The
function ¢(¢) = (¢ —c)2/4, ¢t = ¢, is a solution of 2 = Jz, £ = 0. Notice z =0
is also a solution (see Fig. 1.2).

Suppose (fo, xo) € D is given. Anlzmtml value problem for equation (1 .I)I
consists of finding an interval I containing ¢y and a solution z of (1.1)

L

Figure 1.1.2



14 ORDINARY DIFFERENTIAL EQUATIONS

satisfying x(ty) = zp . We write this problem symbolically as

(1.2) x=f(t, x), x(tp) =xo,t € 1.

If there exists an interval I containing p and an z satisfying (1.2), we refer
to this as a solution of (1.1) passing through (¢9, o).
For the initial value problem, & =2, 2(0) = —c, ¢ real, Example 1.1
shows the interval I may depend upon ¢ and may not be the whole real line.
The initial value problem z= \/ z, x =20, 2(0) =0, has the solution
2 =0 on (—o0, o). The function

(t —c)?
x(t) = 4
0, t<e.

, t=c=0,

is also a solution. Therefore there need not be a unique solution of (1.2) for
every continuous function f.

Our first objective in this chapter is to discuss existence, uniqueness,
continuation of solutions, and continuous dependence of solutions on initial
data and parameters.

First, notice that consideration of vector equations makes it unnecessary
to consider ntt order equations. In fact, if y is a scalar, y denotes dfy/dt/ and

ym =Ftyy,...,y"D),
y(j)(to):::xj.'.l’o, j=0, 1,...,"/—1,
then, letting = = (y, y®, ..., y®»=D), f=(xs, ..., 2y, F), we obtain the

equivalent problem
t=f( ),  x(t) =20 = (210, -, Tno).

Also, complex valued differential equations of the real variable ¢ are
included in the discussion of (1.1) since one can obtain a real system by
taking the real and imaginary parts.

l LEMMA l.l.l Problem (1.2) is equivalent to

t
(1.3) x(t) =20 + t f(r, 2(7)) dr

provided f (¢, x) is continuous.

The proof of this lemma is obvious.

| THEOREM 1.1. (Peano) (Existence).| If f is continuous in D, then for
[any (to, %o) € D, there is at least one solution of (1.1) passing through (o , zo). -

Proor. Suppose «, B are positive numbers chosen so that the closed
rectangle B(a, B, to,%0) = B(e, B) ={(t, x): t € Lo ,|x — 0| £ B}, L o = Ilto) =



GENERAL PROPERTIES OF DIFFERENTIAL EQUATIONS 15

{t: |t —to|] < o}, belongs to D. Let M =sup{|f (¢, z)|. (¢. z) € B(e. B)}. Choose
& Bsothat 0 <a< o« 0<B<B, Max<pB and define the set o =.o/(a. p)
of functions ¢ in €(Iz, R™) which satisfy ¢(to) = o . |$(t) — x| < B for all
tin Iz. From Chapter O the set &/ is convex, closed and bounded.

For any ¢ in o/ define the function 7'¢ by the relation

¢
T$(t) =0+ [ J(s, b)) ds, tels
to
From Lemma 1.1 finding fixed points of T is equivalent to solving the above
initial value problem for (1.1). We now apply the Schauuer fixed point

theorem to assert the existence of a fixed point of 7' in .&/.
Obviously T'$, ¢ in &, is in €(I5, B*) and T(to) =xo. Also, for t € I4,

1
ITd(8) — o] < 1 J 1765, 10 dsl <Mt

SMa<p

since B(&, B) = B(a, B). Thus T': of — /. Also

4
ITd(t) — T(D)] < | 1966, el as| < 1

for all ¢, # in I5. This implies the set T'(/) is an equicontinuous family and
threrefore the closure of 7'(&/) is compact.

Finally, for any ¢, ¢ in .o/, it follows from the uniform continuity of
f(t, ) on B(a, B) that for any & > 0 there is a § > 0 such that

¢
J,
for all ¢ in I provided that |$(s) — $(s)| < & for all s in Iz . But this is precisely
the statement that 7' is a continuous mapping; that is, for any ¢ >0, there
is a § >0 such that |T'¢ — T'§| < ea if |p —P| < 8.

All of the conditions of the Schauder theorem are satisfied and we can

assert the existence of a fixed point of .. This completes the proof of the
theorem.

|Th(t) — T < | | |f(s, $(5) —F (s, $(s)) |ds| < ea,

CororrarY 1.1. If U is a compact set-of D, U = V, an open set in D
with the closure ¥ of V in D, then there is an « > 0 such that, for any initial
value (o, ®o) € U, there is a solution of (1.1) through (¢9, xo) which exists at
least on the interval {g —a <t < tp + «.

ProoF. One merely repeats the proof of Theorem 1.1 with the further
restriction on &, B to ensure that B(a, B, to, 2o) = V for all (o, zo) € U.
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Other proofs of the Peano theorem can be given without using the
Schauder theorem. We illustrate the idea for one special construction, the
Euler method of numerical analysis. This method consists of dividing the
interval I, ={t: |t —to| < o} into equal segments of length A and then on
each of these small segments approximating the ““solution’ by a straight
line. More specifically, for a given &, define the function ¢* on I, by

$n(t) =x0 + f(to, xo)(t —t0),  toSt=<to+h,
$h(t) = Phlto + h) +f (to+ b, $r(fo + R))(E —to —h),  to+h=t<to+2h
and so forth. One may have to choose « small in order for (¢, ¢*(t)) to be in
D. Pictorially, we will have a polygonal function defined which for » small
should approximate a solution of (1.1) if it exists. One now chooses a sequence

{hi} such that h; —0 as k — oo and uses the Ascoli-Arzela theorem to show
that a subsequence of the sequence ¢"* converges to a solution of (1.1).

Exgrcise 1.1.  Supply all details of the proof of the Peano theorem of
existence using polygonal line segments.

ExErcise 1.2.  State an implicit function theorem whose validity will
be implied by the existence Theorem 1.1.

I.2. Continuation of Solutions

If & is a solution of a differential equation on an interval I, we say $
isla continuation of $lif $ is defined on an interval I which properly contains 1,
$ coincides with ¢ on I and $ satisfies the differential equation on 1. A
solution ¢ is noncontinuable if no such continuation exists; that is, the interval
I is the maximal interval of existence of the solution .

Lemma 2.1. If D is an open set in R»+1, f: D — R” is continuous and
bounded on D, then any solution ¢(t) of (1.1) defined on an interval (a, b) is
such that ¢(a + 0) and (b — 0) exist. If f(b, (b —0)) is or can be defined
so that f(¢, ) is continuous at (b, $(b —0)), then ¢(t) is a solution of (1.1)
on (a, b]. The same remark applies to the left endpoint a.

Proor. We first show that the limits ¢(a + 0), ¢(b — 0) exist. For any
to in (a" b),

t
H(t) = plto) + jt Fls, d(s) ds, a<t<b,

and, for a <t; <2 <b,

t2
|(t2) — B(t1)] < f‘ |£ (s, $(s))] ds < M(ta —t1),
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where M is a bound of f (£, ) on D. Therefore ¢(t3) — ¢(t1) >0asty, ts —a 4+ 0,
which implies ¢(a + 0) exists. A similar argument shows that ¢(b — 0) exists.

The last conclusion of the lemma is obvious from the integral equation
for ¢.

TueoreM 2.1. If D is an open set in R?+1, f: D — R® is continuous and
&(t) is a solution of (1.1) on some interval, then there is a continuation of ¢
to a maximal interval of existence/ Furthermore, if (@, b) is a.maximal
interval of existence of a solution x of (1.1), then (¢, z(t)) tends to the boundary
of Dast—>a and t —b.

Proor. Suppose z(t) is a solution of (1.1) on an interval I. If I is not
a maximal interval of existence, then x can be extended to an interval
properly containing I /Therefore, we may assume [ is closed on one end, say
to the right. We first show that  can be extended to a maximal right interval
of existence and, therefore, may assume that I =[a, b] and that x has no
extension over [@, o0). The proof of the extension to the left is very similar.

Suppose U is a compact set of D, U = V, an open set in D with the
closure V of V in D. From Corollary 1.1 for any initial value in U there is a
solution of (1.1) existing over an interval of length « depending only on
U, V and the bound of f on V. Therefore, if x(t), a <t < b, belongs to U,
then there is an extension of z to an interval [a, b+ «]. Since U is compact,
one can continue this process a finite number of times to conclude there is an
extension of z(t) to an interval [a, by] such that (by, x(by)) does not belong
to U.

Now choose a sequence V5, of open sets in D such that U;f=l Va=D,
V., closed ,bounded, V= Vuii for n=1,2, .... For each V,, there is a
monotone increasing sequence {b,} constructed as above so that the solution
z(t) of (1.1) on [a@, b] has an extension to the interval [a, b,] and (bn, 2(ba))
is not in ¥, . Since the b, are bounded above, let w =1lim,_ o by . It is clear
that x has been extended to the interval [a, w) and cannot be extended any
further since the sequence (by, x(bx)) is either unbounded or has a limit
point on the boundary of the domain of definition of f.

If w = oo, the last assertion in the theorem is trivial. Suppose  is finite,
U is a compact set of D and there is a sequence (f,x(%)),y in R",(w,y) in
U, such that & — w, x(&) — y as k - . The fact that fis bounded in a
neighborhood of (w,y) implies x is uniformly continuous on [a,w) and x(£) >y
as t > w™ . Thus, there is an extension of x to the interval [a,w + a]. Since
w + a> w, this is a contradiction and shows there is a ¢y such that (¢,x(2)) is
not in U for ¢ty <t <w. Since U'is an arbitrary compact set, this proves (¢,x(%))
tends to the boundary of D. The proof of the theorem is complete.

ExEercise 2.1.  For ¢, z scalars, give an example of a function f ¢, x)
which is defined and continuous on an open bounded connected set D and
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yet not every noncontinuable solution ¢ of (1.1) defined on (a, b) has ¢(a + 0),
(b — 0) existing.

The above continuation theorem can be used in specific examples to
verify that a solution is defined on a large time interval. For example, if it
is desired to.show that a solution is defined on an interval [t , c0), it is sufficient
to proceed as follows. If the function f (¢, x) is continuous for ¢ in (¢1, o0),
t1 <to, |z <o, and one can by some means ascertain that a certain
solution z(f) must always satisfy |z(f)] < 8 <« for all values of ¢ = ¢ for
which z(t) is defined, then necessarily z(t) is defined on [fo, 00). In fact, choose
any T =ty and y such that B <y <o« and define the rectangle D; as
Dy ={(t, z):toSt< T, |z <y} Then f(¢, x) is bounded on D; and the
continuation theorem implies that the solution z(t) can be continued to the
boundary of D;. But y > 8 implies that z(f) must reach this boundary by
reaching the face of the rectangle defined by ¢t = T. Therefore x(f) exists
for to £t £ T'. Since T is arbitrary, this proves the assertion.

I.3. Uniqueness and Continuity Properties

A function f(¢, z) defined on a domain D in R7+1 is said to bel locally
liaschitzianl in z if for any closed bounded set U in D there is a k = ky such
that | f (¢, x) —f(t, y)| < k|z —y| for (¢, z), (¢, y) in U. If f (¢, ) has continuous
first partial derivatives with respect to z in D, then f (¢, z) is locally lipschitzian

in z.

If f (¢, x) is continuous in a domain D, then the fundamental existence
theorem implies the existence of at least one solution of (1.1) passing through
a given point (%o, o) in D. Suppose, in addition, there is only one such solu-
tion x(¢, £y, o) througha given (o, zo) in D. Forany (fo, zo) € D, let (a(to, %),
b(to, xo)) be the maximal interval of existence of z(t, to, o) and let E = Rn+2
be defined by

E ={(t, to, xo): alto, x0) <t <b(to, xo), (to, %0) € D}.

The trajectory through (o , xo) is the set of points in R#+1given by (¢, z(¢, to, o))
for ¢ varying over all possible values for which (¢, o, o) belongs to E. The
set E is called the domain of definition of z(t, to, o).

The basic existence and uniqueness theorem under the hypothesis that
f(t, z) is locally lipschitzian in z is usually referred to as the Picard- Lindelof
theorem. This result as well as additional information is contained in

THEOREM 3.1.] If f (¢, x) is continuous in D and locally lipschitzian with
respect to z in D, then for any (f, o) in D, there exists a unique solution
x(t, to , zo), (o, to, To) =0, of (1.1) passing through (o, zo). Furthermore,



GENERAL PROPERTIES OF DIFFERENTIAL EQUATIONS 19

the domain E in R7+2 of definition of the function x(t, {0, o) is open and
x(t, to, o) is continuous in K.

Proor. Define Iy = I4(to) and Bf(e, B, to, o) as in the proof of Theorem
1.1. For any given closed bounded subset U of D choose positive «, B so
that B(«, B, to, %o) belongs to D for each (f, o) in U and if

V =U{B(a, B’ to; xo); (to, x()) in U},

then the closure of V is in D. Let M =sup{|f(t, z)|, (t, ) in V} and let k
be the lipschitz constant of f(t, z) with respect to  on V. Choose &, f so
that 0 <a=<a O0<B=<B MasPh ka<l and let F ={¢ in €(I50),
Rn): $(0) =0, |$(t)| < B for ¢ in I(0)}. For any ¢ in &, define a continuous
function T'¢ taking I(0) into B» by

t+to
(31) T§(t)= [ f(s, $ls — to) + o) ds, ¢ in I(0).
to

By Lemma 1.1, the fixed points of T in & coincide with the solutions
2(t) = (¢t —to) 4 xo of (1.1) which pass through (fo, xo) and are such that
(t, z(t)) is in B(&, B, to, xo). Obviously, T$(0) =0 and it is easy to see that
|T(t)| < Ma < Bforall ¢ in I5(0). Therefore, T# < &. Also, | T(t) — TH(t)|
< ka|p — | for t in I5(0) or |T¢p — TH| < ka|p —|. Since ka <1, T is a
contraction mapping of # into &. Since & is closed, there is a unique fixed
point (¢, to, xo) of T in & and therefore there is a unique solution of (1.1)
passing through (fo, %o) and such that (¢, z(t)) belongs to B(, B, to, o).

If the mapping T is considered as a function of (o, zo); that is, T'=
T,, z,) » then the above argument shows that T'¢,, »,) is a uniform contraction
on F for (t, xg) in U. Therefore, ¢(:, to, o) is continuous in (¢, zo) from
Theorem 0.3.2. This means ¢(t, fy, o) is continuous in ¢, o uniformly with
respect to t. But (¢, to, o) is obviously continuous in ¢ and therefore
&(¢, to, 2o) is jointly continuous in (¢, to, xo) for ¢ in Ig(0), (fo, o) in U.
Finally, the function x(t, to, Zo) = ¢(t —to, o, o) + o is a continuous func-
tion of (¢, to, o) for ¢ in Ig(to), (to, %o) in U.

The above proof of local uniqueness implies global uniqueness. In fact,
if there exist two solutions z(¢), y(t) of (1.1) with z(fo) = o, ¥(fo) = yo and a
number s such that z(s) = y(s) and, in any neighborhood of s, there exist an
s such that z(s) # y(s), then we can enclose the trajectories defined by xz(t),
y(t) for ¢ in a neighborhood of s in a compact set U contained entirely in D.
The above proof shows there is a unique solution of (1.1) passing through
any point in U. This is a contradiction.

Now suppose (s, o, zo) is any given point in the domain of definition
E of x(s, to, o). For ease in notation suppose s = to. The case s < ¢y is treated
in the same manner. This implies the closed set U = {(¢, 2(¢, %o, o), fo < t< s }
belongs to E. Therefore, we can apply the previous results to see that z(t, £, 7)
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is a continuous function of (¢, £, n) for |t — ¢| < &, (€, ) in U. There exists
an integer k such that o + ka >s = tp+ (kK — 1)a. From uniqueness, we have
z(t +to + @, to, xo) = x(t + to + &, to + &, x(to + &, to, o)) for any ¢t. But the
previous remarks imply this function is continuous for |{| < &. Therefore,
x(, to, xo) is continuous for |§ —tp| < 24, (f, o) in D as long as (&, to, o)
is in E. An obvious induction argument proves the continuity of x(s, fo, o)
at s. The previous argument also implies E is open. This proves the theorem.

TrEOREM 3.2. If in addition to the hypotheses of Theorem 3.1 the
function f=f(t, , A) depends upon a parameter A in a closed set G in R¥,
is continuous for (¢, ) in D, A in G, and has a local lipschitz constant with
respect to x independent of A in G, then for each (fo, zo) in D, A in G, there
is a unique solution z(t, fo, xo, A), Z(fo, o, X0, A) =Z¢, passing through
(%0, o) and it is a continuous function of (¢, ¢y, Zo, A) in its domain of defini-
tion.

Proor. The proof is essentially the same as the proof of Theorem 3.1
except one chooses M =sup{|f(¢, =, A)|: (¢, x, A)in V X G1} and k independent
of A to be a local lipschitz constant with respect to x on V X G1, where Gy
is an arbitrary closed bounded set in G.

Since the contraction principle was used in Theorems 3.1 and 3.2 to
prove the local existence and uniqueness of the solution passing through
(to, %o) the solution can be obtained by the method of successive approxima-
tions

(3.2) z(n+l) = Tyxn) n=0,1,2, ...,
t
Ta(t) =0+ [ fls,w@)ds, |t—to| <G,
to

where z(0 is an arbitrary continuous function taking the interval |t —tg| < &
into R with |z(©(t) — x| < B for |t —to| < &. The constants &, § were chosen
so that Ma < B and kf <1 where M and k were bounds on f(t, z) and its
lipschitz constant with respect to z over a certain compact set. An obvious
choice for x(©(¢) is the constant function xo. Now, if one works directly with
the successive approximations (3.2), one can prove the iterations converge
and the equation (1.1) has a unique solution on the interval |t —#| < &
under only the assumption M < B with the restriction k& <1 being un-
necessary. This makes it appear that the contraction principle is not as
effective as successive approximations whereas we implied in Chapter 0 that
this principle was introduced so as to replace successive approximations.
The discrepancy is resolved by simply observing there are many equivalent
norms on the space of continuous functions satisfying |2(t) — zo| <8 for ¢ in
[to, to + &]. In fact, with the constants as above, the norm || defined by
|z] = sup {e-2kC—1)|x(t)|},

bststo+a
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is equivalent to the supremum norm used earlier.. In this norm, one shows
easily that 7' is a contraction only "under the assumption M& < B, which is
the same result obtained by successive approximations. How do you resolve
the above discrepancy on [tp — &, to]?

Another remark on successive approximations is the fact that one can
obtain convergence of the sequence defined by (3.2) for any initial x(0
satisfying appropriate bounds. The sequence obviously would converge more
rapidly by a more clever choice of z(0)(t) depending upon f since choosing
x(©)(t) as the solution itself would yield the fixed point in one iteration.
Effective use of such a procedure would require tremendous ingenuity.

ExEercise 3.1. Prove directly that the sequence of successive ap-
proximations (3.2) converges for Ma < f where M is a bound for f on
{t, 2): |t —to| £ & | — 0| < B}

In the following, we need other results on the dependence of solutions
on parameters and initial data.

ITHEOREM 3.3.| If f (¢, , A) has continuous first derivatives with respect
to z, A for (¢, ) € D, X in an open set @ = R¥, then the solution (¢, to, o, A),

z(to, to, %o, A) =29, of

(3.3) £ =f(t 2, A),

is continuously differentiable with respect to #, to, o, A in its domain of
definition. The matrix dz(t, to, zo, A)[OA, dz(to, to, %o, A)/OX = 0, satisfies the
matrix differential equation

_ af(t, x(t’ tO > X0, A): A) + af(t: x(t: to s X0, A), A)

B o y oA : ‘
The matrix dz(t, to, xo, A)/0%0, x(to, o, Zo, A)/0xo = I, the identity, satisfies
the linear variational equation,

. 3f(t, Z(t, to, %o, A): A) y

(3.4)

(3.5)

ox
Furthermore,
ox(t, to, o, A ox(t, to, zo, A
(3.6) x(¢, to , To )=__ x(t, to, xo )f(to,xo,)\)-
ato 0%

Proor. As in Theorem 3.2, we apply Theorem 3.2, Chapter 0. If y =
(ro, A), and T = T, is defined by (3.1), then we must compute the derivatives
A(y, ¢), B(y, ) of T ¢ with respect to y, ¢, respectively. One shows easily
that A(y, ¢) can be represented by the n X (n + k) matrix

[ B —t0) + 20, )
A po=[( X ) a,

j‘”‘(af (s, $(s —to) + o), A ds]
A ) ’

to

ta
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and the differential B(y, ¢)i is given by

to+ta , —¢ ’ A
[B(y, $1)(t) = | f (s, $(s —to) + 20, A)

t ox

P(s) ds.

As in the proof of Theorem 3.2, the constants M, k are chosen as before
relative to the set V X G with @1 a closed bounded set in G. The proof of
the differentiability of ¢(t, to, zo, A) with respect to xo, A now proceeds
exactly as in the proof of Theorem 3.1. The function z(¢, to, o, A) =
d(t —to,to, xo, A) + xo is obviously differentiable in (¢, o, A).

Knowing the differentiability immediately implies relations (3.4) and
(3.5). To obtain relation (3.6) observe that uniqueness of the solution implies
z(t, to, xo, A) =x(¢, to + h, z(to + &, to, xo, A), A) for any kb sufficiently small
since at ¢o + h, these two functions satisfy the equation and take on the same
values. Therefore,

Z(t, t0+h’ X, A) —x(t7 to, %o, A)
=x(t,t0+h, X0, A) —x(t, t0+k’ x(t0+k7 tnyO’A)’ A)

and this implies (¢, to, xo, A) is differentiable in ¢y and relation (3.6). The
proof of the theorem is complete.

By repeated application of the above theorem, one can obtain higher
order derivatives of z(t, to, zo, A) under appropriate hypotheses of f.

ExEerocise 3.2. If f(t, x) has continuous partial derivatives with respect
to x up through order %, show that the solution (¢, to, xo), (o, o, o) = o,
of (1.1) has continuous derivatives of order k¥ with respect to xo. Find the
differential equation for the jth derivatives with respect to zg and observe
that the Taylor series for x(¢, to, ) in ¥ in a neighborhood of ¢ is obtained
by solving only nonhomogeneous linear equations.

ExEerocise 3.3.  If f(¢, x) is analytic in  in a neighborhood of zp, show
there is an interval around £ such that the function z(¢, ¢y, xo) of Exercise 3.2
is analytic in a neighborhood of zg.

Exercise 3.4. If f(¢, x, A\) has continuous partial derivatives with
respect to x, A up through order k, show that the solution x(t, to, 2o, A),
z(to, o, Zo, A) = %o, of (3.3) has continuous derivatives of order k with respect
to xo, A. Find the differential equations for the partial derivatives with
respect to A. Discuss the determination of the Taylor series in the neighbor-
hood of some point.

ExErcise 3.5. As in Exercise 3.2, discuss the analyticity properties of
z(¢, to, o, A) in A when f (¢, z, A) satisfies some analyticity conditions.
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Exercise 3.6. Show that the solutions of the equation x = (A4(f)
+ AB(t))x where | B(t)|- | A ()| are continuous and bounded are entire functions
of A. Can you generalize your result?

ExErcIsE 3.7. Suppose f (¢, z, y) is continuous and has continuous first
derivatives with respect to z, y for 0 <t <1, z,ye (—o0, o), and the
boundary value problem

E=f(tz4), 2(0)=a  2(1)=b,

has a solution ¢(t), 0 <t < 1. If of (¢, , y)/ox >0 for t € [0, 1] and all z, y,
prove there is an € >0 such that the boundary value problem

E=f(t, &), «0)=a, x(1)=048,

has a solution for 0 <¢ <1 and | —b| £ e. Hint: Consider the solution
(¢, o) of the initial value problem

2 E=f(tx %), 20)=a  #0)=a,

and let (¢, xo) =(t). For o —ap sufficiently small, (f, «) exists for
0 <t < 1. If u(t) = f(t, wo)/0«, then )

0 i — of e, ¢;;), ¢) U ;ﬁ:), ),

=O’

with #(0) =0, %(0) =1. Show that « is monotone nondecreasing and, thus,
%(1) > 0. Use the implicit function theorem to solve (1, ) — B =0 for « as
a function of B.

Equation (3.5) is called the linear variational equation for the following
reason. If z(t) =2(t) + z(t, to, 2o, A) is a solution of (3.3), then

z(t, to, %o, /\)

2
(1) + 5 =f(t 2(t) + 2(t, to, %0, A), A).

This implies
2(8) =F(t, 2(t) + 2(t, to, 2o, A), ) —f (2, (2, to, o, A), A)

of (¢, x(t, to, 20, A), A
L0820 DD ) 4 oy

as |2(t)| approaches zero. Equation (3.5) therefore represents the first approxi-
mation to the variation z(t) of the true solution of (3.2) from a given solution
(¢, to, o, A). The linear variational equation is obtained by neglecting the
terms of order higher than the first in the equation for z.

The conclusions of Theorems 3.1 and 3.2 concerning the continuity
properties of (¢, fo, xo, A) are valid under much weaker hypotheses than
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stated. In fact, if we assume the uniqueness of the solution (¢, to, zp) (which
is implied when you have a local lipschitz condition in z) then one can prove
directly that it must be continuous in (¢, to, o). We need one such result in
the study of differential inequalities which we now formulate.

Lemma 3.1. Suppose {fn}, =1, 2, ..., is a sequence of functions
defined and continuous on an open set D in R7+l with limy,_ e« fn = fo uni-
formly on compact subsets of D. Suppose (5, ) is a sequence of points in D
converging to (fo, xo) in D as n — o0 and let ¢(t), n =0, 1,2, ..., be a solu-
tion of the equation & = fy(t, x) passing through the point (¢, ). If ¢o(f)
is defined on [a, b] and is unique, then there is an integer ng such that each
¢n(t), » = nop, can be defined on [a, b] and converges to ¢o(t) uniformly on
[@, b].

Proor. Let U be a compact subset of D which contains in its interior
the set {(f, $o(t), @ <t < b} and suppose [fo]| <M on U. Then necessarily
| fa] <M on U if n = ng where ny is sufficiently large. Choosing &, § as in the
proof of the basic existence theorem such that Ma < B, one can be assured
for n sufficiently large that all the ¢,(t) are defined on [ty , tn + a]. If [8, y] =
(\n[tn, tn + &), then the fact that t, —fo implies 8 <y. Also, all the ¢, for
n sufficiently large are defined on [8, y]. The sequence {¢,} is uniformly
bounded and equicontinuous since |fn| << M. Therefore, there exists a sub-
sequence which we label again as ¢, which converges uniformly to a function
& on [§, y]. Using the integral equation, we see that ¢ is ¢. Since every
convergent subsequence of ¢, on [, y] must also converge to ¢o (by unique-
ness of ¢yo) it follows that ¢, converges to ¢o on [3, y]. Due to the compact-
ness of the set {t, ¢(t)}, ¢ in [a, b], one completes the proof by successively
stepping intervals of length y — 8 until [a, b] is covered.

THEOREM 3.4. Suppose f (¢, z, A) is a continuous function of (¢, z, A) for
(¢, ) in an open set D and A in a neighborhood of Ao in R?. If x(t, to, xo, Ao),
z(to, to, Zo, Ao) = %o, is a solution of (3.3) on [a, b] and is unique, then there
is a solution z(t, s, 7, A), (s, s, 9, A) ==, of (3.3) which is defined on [a, b]
for all s, m, A sufficiently near #o, 29, Ao and is a continuous function of
(&, s, m, A) at (¢, to, xo, )\o)

ProoF. Lemma 3.1 implies that (¢, s, 9, A) is a continuous funection of
s, M, A at to, xo, Ao uniformly with respect to ¢ in [, b]. Thus, for any ¢ >0
there is a 8; > 0 such that

l(t, 5, 7, \) — =(t, to, T, Mo)| <2f

if |(s, 9, A) — (to, o, Ao)| << 81. Since x(t, to, xo, Ao) is a continuous function
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of t for ¢ in [a, b], there is a 82 such that
€
[z(t, to, %o, Ao) — (7, to, X0, Ao)| < 3

if [t — 7| <82. Let 8 =min(8;, &2). Then
|(t, s, m, A) — (7, to, %0, Ao)|

< |a(t, s, m, A), —x(t, to, xo, )| + |x(t, to, x0, o) — (7, to, Zo, Ao)|
<&,

provided that |(s, 0, A) — (fo, %o, Ao)| + |t — 7| < 8. This proves Theorem 3 .4.

Under appropriate hypotheses, the solutions of differential equations
define homeomorphisms of subsets of R™ into R». In fact, let us assume for any
(to, zo) in D, the equation (1.1) has a unique solution (¢, to, o) which is
jointly continuous in (¢, fo, o) in its domain of definition. If z(t, to, o) exists
on an interval [a, b], then there is a neighborhood U(xg) of xo for which the
solution z(t, to, 1) exists for ¢ in [a, b] and 21 in U(xy). For fixed o and each
t in [a, b], the function z(¢, #, ) can be considered as a mapping 7'; of U(xo)
into a neighborhood of xz(t, ty, o). The mapping 7' is one to one and con-
tinuous by hypothesis and 7', 'z* = x(to, t, *). Therefore the inverse function
is also continuous which implies 7'; is a homeomorphism.

We are now in a position to define a general solution of (1.1). Let U be
an open connected set in BR” and ¢: R X U — R” be such that: (a) for any ¢
in U, ¢, c) is a solution of (1.1); (b) for any to in R, the mapping ¢(to, -):
U — R" is a homeomorphism on its range. Such a function ¢ will be referred
to as a (local) general solution of (1.1).

I.4. Continuous Dependence and Stability

Consider the equation # =f(t, ) with f(¢,0) =0 for all ¢ in (— o0, )
and the function f(t, ) defined for all (¢, ) in R#+l. For any (%, 2o) in
Rn+1, we suppose this equation has a unique solution x(t, to, o), (to , %o, Zo) =
xg, which is jointly continuous in (¢, to, o) in its region of definition. Since
f(¢,0) =0 for all ¢, it follows that x =0 is a solution on (— o0, ). The hypo-
thesis of continuous dependence implies. that given any real numbers £y in
(—o0, ), T = 0, there exists a §(7") >0 such that the solution z(¢, to, %o),
|o| < 8(T) exists on {to, to + T']. Furthermore, |(t, to, Zo)| —0 uniformly in ¢
on [tg, to + T'] as |xo| —0. In other words, given any T >0 and any & >0,
there is a § =d(¢, T, tp) such ‘that the solution z(t, to, xo) exists on I =
[to, to+ T, |2(¢, to, x0)| <& on I provided that |zo| <8(e, T, %) (see the
accompanying figure).



26 ORDINARY DIFFERENTIAL EQUATIONS

(to + T, x(to + T, to, x0))

T
!
t=tp t=to+ T

Figure 1.4.2

Let us discuss in detail the meaning of continuousdependence on initial
data for the equation # =x2. Choose tp =0 and let zo=c. A solution
z(t, to, xo) = z(t, 0, ¢) of this equation is (¢, 0, ¢) = —c/(ct — 1). Uniqueness
implies this is the solution with 2(0) = c. It is clear that z(t, 0, c) is continuous
in ¢, ¢ in'the domain of definition of z(t, 0, ¢). Since z(t, 0, 0) = 0, this implies
for any T' >0 and any ¢ >0, there is a § =&(¢, T') > 0 so that |z(¢, 0, ¢)| <&
if |¢| < 8. The largest value of 8 is 6/(1 —8T)=¢. As T increases,  must
decrease and, in fact, § must approach zero as 7T — co. This implies the
continuity of z(f, 0, ¢) in ¢ is not uniform with resnect to ¢ in the infinite
interval |0, co). Kor this equation, it is even true that no solution with
z(0) = ¢ >0 exists on [0, 00).

Even though continuous dependence on parameters and initial data is
important, it gives information only on finite intervals of time as the above

remarks show.] An even mare important. concent. is eontinnons dependence
on initial data on infinite intervals of time. This is the concept of]stability.

in the remainder of this section we assume f smooth enough to ensure exist-
ence, uniqueness and continuous dependence on parameters.

Definitions. Suppose f: [0, o) X R*— R#». Consider z=f(t, ),
f(,0)=0, te[0, 0). The solution =0 is called _Liapunov stable, if for
any ¢ >0 and any to = 0, there is a & = 8(¢, to) such that |xo| <& implies
|(t, to, Zo)| < & for t € [to, o). The solution z =0 is yniformly stable if it is
stable and & can be chosen independent of ¢y = 0. The solution z = 0 is called

asymptotically stable if it is stable and there exists a b = b(to) such that
|zo] < b implies |x(t, to, xo)| 0 as t —co. The solution z =0 is
_asymptotically stable if it is uniformly stable, b in the definition of a,s’ﬂnptotlc
stability can be chosen independent of ¢y = 0, and for every n >0 there is a
T(n) >0 such that |xo| <b implies |x(t, to, Zo)| <n if ¢t = to+ T(n). The

solution x =0 is unstable if it is not stable.
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Pictorially, stability is the same as in the above diagram except the
solution must remain in the infinite cylinder of radius € for ¢ = ¢g.

We can discuss the stability and asymptotic stability of any other
solution #(t) of the equation by replacing = by £ 4+ y and discussing the zero
solution of the equation y =f (¢, € + y) — f (t, £). The definitions of stability
of an arbitrary solution Z(t) are the same as above except with z replaced by
x — Z(t).

[ Lemma 4.1, If fis either independent of ¢ or periodie in £, then the

solution =0 of (1.1) being stable (asymptotically stable) implies the solu-
tion z = 0 of (1.1) is uniformly stable (uniformly asymptotically stable).

EXERCISE 4.1. Prove Lemma 4.1.

ExErcisE 4.2. Discuss the stability and asymptotic stability of every
solution of the equations %= —z(l —z), £+ 2 =0, and &4 2-1[x2+
(x4 + 442)2]x =0. The latter equation has the family of solutions x =
¢ sin(ct 4 d) where ¢, d are arbitrary constants.

Does stability defined in the above way depend on ¢ in the sense that a
solution =0 may be stable at one value of ¢y and not at another? The
answer is no! For #; < ¢y, this follows immediately from continuity with
respect to initial data. In fact, stability of £ =0 implies the existence of a
8(to, €) >0 such that |xo| < 8(to, ) implies |(t, to, Zo)| <&, ¢ = tp. Conti-
nuity with respect to initial data implies the existence of a 81 = 8;(t1, ¢, ty, 8)
- >0 so small that |z1| <&1(t1, &) implies |2(¢, t1, z1)| < (o, €), L1 St < to.
Then |x(t, t;, 21)| < & for ¢ 2 ¢, provided that |21| < 81(t1, €); that is, stability
at t1. For ¢; = to, it is not quite so obvious. Let V(t;, &) ={z in R": x =
x(t1, to, xo) for zo in the open ball of radius 8(to, €) centered at zero}. Since
the mapping (¢, o, - ) is a homeomorphism, there exists a 81(¢;, €) such that
{z: |2| < 81(t1, &)} = V(41 €). With this 8,(¢1, £) we have |2(¢, £y, z1)| < e for
t =t and |z1| < 8(¢1, €); that is, stability at ¢;.

ExErcisE 4.3. In the above definition of asymptotic stability of the
solution x =0, we have supposed that x =0 is stable and solutions with
initial- values in-a neighborhood of zero approach zero as t — oo. Is it possible
to have the latter property and also have the solution z =0 unstable? Show
this cannot happen if z is a scalar. Give an example in two dimensions where
all solutions approach zero as ¢ — co and yet the solution x =0 is unstable.
Is it possible to give such an example in two dimensions for an equation
whose right hand sides are independent of #?

It is not appropriate at this time to have a detailed discussion of
stability, but we will continually bring out more of the properties of this
concept.
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1.5. Extension of the Concept of a Differential Equation

In Section 1.1, a differential equation was defined for continuous vector
fields f. As an immediate consequence, the initial value problem for (1.1) is
equivalent to the integral equation

{2
(5.1) 2(t) =20+ f, £ (s, 2(s)) ds.

For f continuous, any solution of this equation automatically possesses a
continuous first derivative. On the other hand, it is clear that (5.1) will be
meaningful for a more general class of functions f if it is not required that =
have a continuous first derivative. The purpose of this section is to make
these notions precise for a class of functions f.

Suppose D is an open set in R?+1 and f: D —> R" is not necessarily con-
tinuous. Our problem is to find an absolutely continuous function z defined
on a real interval I such that (¢, 2(t)) € D for ¢ in I and

(5.1) (t) =1 (¢, x(2))

for all ¢ in I except on a set of Lebesgue measure zero. If such a function
and interval I exist, we say x is a solution of (5.1). A solution of (5.1) through
(to, wo) is a solution x of (5.1) with x(fp) = zo. We will not repeat the phrase
““except on a set of Lebesgue measure zero " since it will always be clear that
this is understood.

Suppose D is an open set in R#+1. We say that f: D — R» satisfies the

Carathéodory conditionslon D if f is measurable in ¢ for each fixed z, con-
tinuous in x for each fixed ¢ and for each compact set U of D, there is an
integrable function my(t) such that

(5.2) |7 =) < mu(), (Lx)el.

For functions f which satisfy the Carathéodory conditions on a domain
D, the conclusions of Sections 1 and 2 carry over without change. If the
function f (¢, ) is also locally Lipschitzian in # with a measurable Lipschitz
function, then the uniqueness property of the solution remains valid. These
results are stated below, but only the details of the proof of the existence
theorem are given, since the other proofs are essentially the same.

THEOREM 5.1. (Carathéodory). If D is an open set in R%*1 and f
satisfies the Carathéodory conditions on D, then, for any (¢, xo) lﬁ D, there
is a solution of (5.1) through (¢, xo).

Proor. Suppose o, B are positive numbers chosen so that the rectangle
a B)={(t x): |t —to] S, |[x — o] P} is in D. Let Iy ={t: |t —to| < «},
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m =mp(, g, M(t) =J? m(s) ds. Choose &, ﬁ sothat 0<a<a, 0<B=<B,
|M(t)| < B, tels. Let o be the set of functions ¢ in €(Iz, R) which satisfy
$lto) =0, |(t) —xo| < B for all ¢ in Iz. The set o is a closed, bounded,
convex subset of €(I5, Rn).

For any ¢ in o/, define the function T'¢ by the relation

¢
Té(t) = o+ ft f(s, d(s) ds, tels.

The fixed points of 7' in & coincide with the solutions in &7 of (5.1). We now
apply the Schauder theorem to prove the existence of a fixed point of 7' in /.
For any ¢ in &7, the operator T' is well defined since f(s, ¢(s)) is inte-
grablefor ¢in /. Also, Té(to) =z, and T'$(t) is continuous for ¢ € Iz. Using
(5.2), we have
¢
[ 176 gt ds

to

< i ft m(s) ds
t

=|M®)| =B,

for all t in I5. Therefore, T: of — .

The operator T is continuous on . In fact, if ¢, € 4, d» — ¢ in o7, then
f (¢, ) continuous in « for each fixed ¢ implies f (¢, dn(t)) — f (¢, J(¢)) as n — o0
for each ¢ in Iz. Since |f(t, $a(t))| < m(t), the Lebesgue dominated conver-
gence theorem implies

t 2
[ 66 duton ds— [ (s, $lo) ds,
to to

|T(t) —xo| <

as n— oo for each ¢ in Iz. This proves the assertion.
For any ¢ in &,

|Té@t) — Tp(r)| < | M(t) — M(7)|

for all ¢, v in Ig. Since M is continuous on Ig, it is uniformly continuous
and, thus, the set 7'/ is an equicontinuous set of ¢(Ig, R"). It is also uni-
formly bounded, This proves T« is relatively compact and, thus, 7 is
completely continuous. The Schauder fixed point theorem implies the exist-
ence of a fixed point in &/ and the theorem is proved.

TrEOREM 5.2. If D is an open set in R#+1, fsatisfies the Carathéodory
conditions on D and & is a solution of (5.1) on some interval, then there is a
continuation of ¢ to a maximal interval of existence. Furthermore, if (a, ) is
a maximal interval of existence of (5.1), then z(t) tends to the boundary of
Dast—>aandt—b.
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Proor. The proof is essentially the same as the proof of Theorem 2.1
and is left to the reader.

THEOREM 5.3. Suppose D is an open set in R?+1, f satisfies the Carathéo-
dory conditions on D and for each compact set U in D, there is an integrable
function ky(t) such that

(6.3) If(tr x) —f(t’ ?/)l s kU(t) lx ""yl (A x) eU, (¢, y) € U.

Then, for any (o, xo) in U, there exists a unigue solution z(t, to, xo) of (5.1)
passing through (fo, xo). The domain E in R”+2 of definition of the function
x(t, to, o) is open and z(t, o, o) is continuous in E.

Proor. This proof is essentially the same as the proof of Theorem 3.1
and the details are left to the reader. One only needs to choose M(f) as in
the proof of Theorem 5.1, let K(¢) =f: kB(«,5)(s) ds and choose &, § so that
0<a=<o,0<B=ZB |Mt) <B K|t) <lfortels.

Any linear system
(5.4) Z = A(t)x + h(t),

where A(t) is an » X n matrix, h(f) is an n-vector whose elements are in-
tegrable on every finite interval satisfies the Carathéodory conditions and
(6.3). Therefore, the initial value problem has a unique solution.

L.6. Differential Inequalities

Let D, denote the right hand derivative of a function. If w(t, u) is a
scalar function of the scalars ¢, 4 in some open connected set Q, we say a
function v(t), @ < t < b, is a solution of the differential inequality

(6.1) D;o(t) = w(t, v(?))
on [a, b) if v(t) is continuous on [a, b) and has a right hand derivative on [a, b)

that satisfies (6.1).

LemMMma 6.1. If z(t) is a continuously differentiable n-vector function
on a <t<b, then D,|x(f)] exists on a <t<b and |Dy(|2(t)])| < |2(2),
a<t<b.

Proor. For any two n-vectors z, v and 0 <0 < 1, h >0, we have

|z + 6hu| — |6z + Ohu| < (1 — 0) || .
Therefore,
|+ 6hu| — || < |z + hu| — |a|
6h = h ’
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that is, the difference quotient

|z + hu| — ||
.3

is a nondecreasing function of k. Furthermore, this difference quotient is
bounded below by —|u|. Consequently,

o Jo ] —Jal

h->0* - h

exists.
If x(t) is continuously differentiable for a <t <b, then this latter
relation implies

lim [ (t) 4 ha(t)] — |x(t)]|
h->0+ b

exists. Since

[Cl2(t + R)| — |2(®)[] —[|=(t) + ha(t)] — |2(¢)|]]
= [|=(t + h)| — |2(t) + ha()]]|
< |zt 4 h) — x(t) — ha(t)] =o(h)
as h— 0+, it follows that D,(|z(t)|) exists and

Drfa(h] = lim (&) + hx:n — =]

It is clear that | Dy(|2(t)])| < |%(t)| and the lemma is proved.

The same proof also shows that the conclusion of Lemma 6.1 is valid
for absolutely continuous functions in the sense that D,(|z(t)|) exists and
satisfies | Dy(|2(t)|)| < |#()| almost everywhere fora <t < b.

THEOREM 6.1. Let w(t, u) be continuous on an open connected set
Q = R? and such that the initial value problem for the scalar equation

(6.2) W= wlt, w)

has a unique solution. If u(t) is a solution of (6.2) on a <t < b.and v(t) is a
solution of (6.1) on a £ ¢t <b with v(a) £ u(a), then v(t) < u(t) for a <t < b.

Proor. Consider the family of equations
1
(6.3) % =ow(t, u) + "

for n=1,2,.... We now apply Lemma 3.1 to (6.3).
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If u,(t) designates the solution of (6.3) with u,(a) = u(a), then Lemma
3.1 implies there is an no such that wu,(t), n = ng, is defined on [a, b] and
un(t) — u(t) uniformly on [a, b]. We show v(t) < un(t), for n 2 no,a <t <b.
If this is not so, then there exist ts < #; in (@, b) such that v(¢) > u,(t) on
ta <<t < t1, v(t2) =un(tz). Therefore, v(t) — v(t2) > un(t) —un(te), t2 <t <y,
which implies

1

Dro(ts) Z tn(te) = w(te, un(te)) + -
1
= w(tz, v(t2)) + -

> w(tz, v(t2)),

which is a contradiction. Consequently, v(f) £ un(t) for ¢ in [a, b], n = no.
Since ux(t) — u(t) uniformly on [a, ], this proves the theorem.

CoroLLARY 6.1. A solution of D,v(f) <0 on [a, b) is nonincreasing on
[@, ).

CoroLLARY 6.2. Suppose w(l, #) and u(¢) are as in Theorem 6.1. If
z(t) is a continuous n-vector function with a continuous first derivative on
[a, b] such that |z(a)| < u(a), (¢, |z(t)]) e Q, a <t < b, and

[£(t)] £ w(t, [z()])), a<t<D,
then |z(t)] < w(t) ona <t < b.
Proor. This is immediate from Lemma 6.1 and Theorem 6.1.

CoroLLARY 6.3. Suppose w(t, u) satisfies the conditions of Theorem 6.1
for a <t <b, w20, and let u(t) = 0 be a solution of (6.2) on a <t <b. If
f:[a, b) X R»—> R™ is continuous and

[ft, z) S wlt,|z]), aSt<b, =zeRn
then the solutions of
z=f(t ), |z(a) = u(a),
exist on [a, b) and |2(¢)| < u(t), ¢ in [a, b).

Proor. From Corollary 6.2, ]x(t)l =< u(t) as long as z(t) exists. From
Theorem 2.1, the solution z(f) can fail to exist on [a, b) only if there is a
¢, & < ¢ <b, such that z(t) is defined on [a, ¢) and lim |#(¢)] = oo as t—» ¢ —O.
On the other hand, this is impossible since |z(¢)| < u(t), ¢ € [a, ¢) and fim u(t)
exists as t— ¢ — 0.
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Notice that Corollary 6.3 gives existence of the solution on [a, b), as well
as upper bounds on the solutions.
Another simple application of Corollary 6.2 yields

CoROLLARY 6.4. Suppose D is an open connected set in R?+1, f: D — Rn
is continuous and f (¢, ) is locally lipschitzian in z. If K is any compact set
in D and L is the lipschitz constant of f in K, then

|2, to, ®o) — x(t, to, 21)| < ellt=to) 2o — 2]

as long as the solutions x(t, o, zo), x(f, fo, x1) of (1.1) are such that
(¢, z(t, to, %0)), (¢, x(t, o, 1)) remain in K.

Proor. If z(t) =x(t, to, Zo) — (¢, to, 1), then |2(t)] < L|2(t)| as long as
(¢, x(t, to, %0)), (¢, (¢, to, 1)) remain in K and Corollary 6.2 gives the result.

As a first illustration of the above results, we prove a result on existence
in the large. Suppose f: (&, c0) X B®* — R= is continuous

(6.4) |f(t 2)| < S(t)p(|]),

where ¢(t) = 0 is continuous for all # > « and () is continuous for » = 0 and
positive for all u > 0. Suppose u(t, to, %), to > «, is a solution of % = $(t)i(u),
u(tp) = up >0 and this solution is unique for any uo > 0. If

then the solution u(t, ¢, uo) exists for all £ > «. In fact, u satisfies the equation

¢
L., 7oy = J pde

and if % did not exist for all ¢ > «, then the continuation theorem implies
there would exist a = and a sequence {t, },t, — 7as n — oo such that u(t,) — oo
as n — co0. But this is impossible since J; ‘¢ < o0 and f: dv/(v) = + o0.
0 0
For any given x9.7% 0 in R®, choose ug = || and for o =0 choose any
ug > 0. From-Corollary 6.3, it follows that any solution

x(t, to, o), x(to, to, To) =0, lo> .

of & =f(t, ) exists and satisfies |x(t, to, xo)| < u(t, ta, %o) on [£o, ©) provided
[ satisfies (6.4) and (6.5).

As a special case suppose that f(f, x) = A(t)x + h(t) where A(t), h(t) are
continuous for all values of ¢. Then any solution of the linear equation

(6.6) & = A(t)x + h(2)



34 ORDINARY DIFFERENTIAL EQUATIONS

exists on (—o0, ). In fact,

|[4@)z + h(t)| < |A@)] [+ + |R(O)]
= max{|4()], [A(E)}(|2] + 1)
= (E)p(|]),
P(u) =u+1.

Since ¢(t) is continuous and fm du/i(u) = + 0o, we have the desired result.

Another interesting special case is when |f(t, z)| < K |z| for all ¢ in
(—o0, ) and z in R®. For ¢(t) =1 and (u) = Ku, the above example
shows that all solutions of £ = f (¢, x) exist on (— o0, ).

For later reference, part of these results are summarized in

THEOREM 6.2. If f: («, 00) X R® — R™ is continuous, satisfies (6.4) and
(6.5) and the solution of % = ¢(¢)yf(u), u(te) = uo >0, t > « existsand is unique
in (a, ), then any solution of the equation (1.1) through (fp, xo) exists on
(a«, ). In particular, every solution of (6.6) exists on (—oco, c0) provided
that A(¢), h(t) are continuous.

As another illustration, we prove a simple result on stability. Suppose
f: R**1— Rn and there exists a continuous function A(f), —oo <t << o0,
such that z - f(t, x) £ —A(t)x - * where “-” denotes the scalar product of
two vectors. Notice this implies f (¢, 0) = 0. If we let |2|2 =z - « and suppose
z is a solution of £ =f (¢, ) on an interval I containing fo, then

‘% ]2 =d1t (x-x) =2z - f(t, x) £ —2X(t)|z|2.

If w(t, u) = —2A(t)u and u is the solution of 4@ = w(t, u), u(ty) = |x(to)|2, then

u(t) = {exp(—2 J: A(s) ds)} |a:(to)|2exists for all ¢ in (— 00, o). Therefore, Corol-

lary 6.2 and the continuation theorem implies that the solution xz(t) not
only exists on I but exists for all ¢ in (— o0, ) and

|z(¢)| < exp (— L ' A(s) ds) |z(to)|, t=to.

If A(t) = 0, then the solution z =0 of & =f(t, x) is stable and actually uni-
formly stable. If A(f) =0 and J;w ‘A(s) ds = 4+ o0, then the solution z =0 is
asymptotically stable.

ExErcise 6.1. IfA(f) = 0and ft ? A(s) ds = + oo for all £y, is the solution

2 =0 of the previous discussion uniformly asymptotically stable? Discuss
the case where A(f) is not of fixed sign.
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EXERCISE 6.2. Suppose f: R#+l — Rn js continuous and there exists a
positive definite matrix B such that = - Bf (f, ) £ —A(t)x - = for all ¢,  where
A(t) is continuous for ¢ in (— 0o, o). Prove that any solution of the equation
Z=f(t x), x(to) ==0, exists on [tp, c0) and give sufficient conditions for
stability and asymptotic stability. (Hint: Find the derivative of the function
V(x) =« - Bx along solutions and use the fact that there is a positive con-
stant p such that z - Bx = px - = for all z.)

ExERcISE 6.3. Consider the equation £ =f(t, ), | f (¢, z)| < ¢(t) x| for
allt, cinR X R, f°° $(t) dt < oo.

(a) Prove that every solution approaches a constant as ¢ — co.
(b) If, in addition,

|ft, z) —f(t y) S t) |z —y| forallz,y,

prove there is a one to one correspondence between the initial values and the
limit values of the solution.
(¢) Does the above result imply anything for the equation

g=—z+ae, [ o) dt < oo?

(Hint: Consider the transformation x = e~ty.)
(d) Does this imply anything about the system
z1 =22,

do=—aitaey, [ lal) dt <o,

where 1, z3 are scalars?

ExErcisE 6.4. Consider the initial value problem
4oz, 2)i+ Bl2) =ult), =2(00=§  #0)=n,

with «(z, w), B(z) continuous together with their first partial derivatives for
all z, w, u continuous and bounded on (—o0, ), o =0, z8(z) = 0. Show
there is one and only one solution to this problem and the solution can be
defined on [0, c0). Hint: Write the equation as a system by letting z =z,
2 =y, define V(z,y) =922+ f: B(s) ds and study the rate of change of
V(x(t), y(t)) along the solutions of the two dimensional system.

CorOLLARY 6.5. Let w(t, u) satisfy the conditions of Theorem 6.1 and
in addition be nondecreasing in u. If u(t) is the same function as in Theorem
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6.1 and v(t) is continuous and satisfies
(6.6) ot) S va+ [[wls v(s) ds, a<t<d, va<ula)

then v(t) S u(t), a <t < b.

Proor. Let V(t) be the right hand side of (6.6) so that v(f) < V(¢).
Then V(t) =w(t, v(t)) < w(t, V(t)), V(a) =vs < u(a). Theorem 6.1 implies
V(t) < u(t) for @ £t < b and this proves the corollary.

CoroLLARY 6.6. (Gronwall’s inequality). If « is a real constant,
B(t) = 0, and ¢(t) are continuous real functions for @ < ¢t < b which satisfy

) <t [ pe)pls)ds, astsh,
then

() = (expf: B(s) dS)ac, a<t<b.

Proor. We apply Corollary 6.5 with vs =0, w(t, u) =pB(t)u. Then
% =B(t)u, u(a) =« is given by wu(t) = (expﬁ B(s) ds)a, which proves the
corollary.

Actually, Gronwall’s inequality is easily proved by other techniques.
In the applications to follow, we actually need a generalization of this
inequality so we state and prove it without using Theorem 6.1.

LemMma 6.2. (Generalized Gronwall inequality). If ¢, « are real valued
and continuous for @ < ¢ < b, B(f) = 0 is integrable on [a, b] and

$(0) < alt) + [ Be)pis) ds, a<t=<b,

then \

$(t) < u(t) + [ Bo)a(s) (exp [[ pw) du)ds, asts<b.
Proor. Let R(t) = f ' B(s)$(s) ds. Then ‘

dR
20 _ g < e + BOIRG)

except for a set of measure zero. Thus,

dR“) _ BOR() < B)ad),

d s
= (exp — fa B(w) du)R(s) < (exp - f., Bw) du)ﬁ<s>a<s),
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except for a set of measure zero. Integrating from a to ¢, we obtain

(éxp - J':,s(u) d&)R(t) < f: (exp — L B(u) du)ﬁ(s)a(s) ds.

and thus

¢ ¢
RO s [ (exp | B du)ﬁ(s)a(s) ds.

This estimate proves the lemma.
If a is continuous with its first derivative & > 0, then integrating by parts
in Lemma 6.2 gives

o) < a(a) exp ( Ltﬁ) + Lt:&(s) exp ( J-:ﬁ ’)ds
<[exp Ltﬁz][a(a) + f:éz'(S)dS]
La(t)exp Ltﬁ

since 8 2> 0. Gronwall’s inequality is now a special case.

17. Autonomous Systems—Generalities

If 2(t) is a solution of (1.1) defined on an interval (@, b), we have previously
introduced the concept of a trajectory associated with this solution as the
set in Rn+1 defined by | Jact<o(t, (t)). The path or orbit of a trajectory is the
projection of the trajectory into R”, the space of dependent variables in (1.1).
The space of dependent variables is usually called the state space or phase
space. The phase coordinates for a scalar nth order equation in z is the
vector (z, zW, @, ..., z(n-1). System (1.1) is called autonomous if the vector
field, that is, the function f in (1.1), is independent of ¢. In this section we
consider some general properties of autonomous systems; namely, the dif-
ferential system

(7.1) z=f(x)

where f: Q.— R is continuous and Q is an open set in R». A basic property
of autonomous systems is the following: if z(t) is a solution of (7.1) on an
interval (a, b), then for any real number 7, the function z(¢ — 7) is a solution
of (7.1) on the interval (a + 7, b+ 7). This is clear since the differential
equation remains unchanged by a translation of the independent variable.
Thus, from a single solution of (7.1) one can define a one parameter family
of solutions.
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We shall henceforth assume that for any p in Q, there is a unique
solution ¢(t, p) of (7.1) passing through p at ¢ =0. The function ¢(¢, p) is
defined on an open set X — R#+1 and satisfies the properties:

(i) (0, p) =p;

(ii) (¢, p) is continuous in X;

(iii) ¢(t + 7, p) = ¢(t, $(7, p)) on =

In fact, it follows from Theorem 3.4 that ¢(t, p) is continuous. Relation
(iii) holds since both functions satisfy the equation, are equal for t =0 and
we have assumed uniqueness.

From the above definition, the path or orbit y =y(p) through a fixed
p € Q is the set in R” defined by y(p) = {x € R": there exist (t, ) € T with
&(t, p) =x}. It is clear that ¢(t, p) and $(t + 7, p) are different parametriza-
tions of the same orbit y(p).

There is a unique path y through a given p in Q. Indeed, paths through p
are projections of all solutions of (7.1) which pass through any of the points
on the line (7, p), —o0 <7 < c0. But, ¢(f + 7, p) is the unique solution of
(7.1) passing through (7, p) and we have seen above these functions are all
parametrizations of the same curve. Notice this last conclusion implies that
no two paths can intersect.

Anlegquilibrium point or critical QointBr singular point of an n-dimensional |
vector field f(x) is a point p such that f(p) =0]If p is a critical point, then

x(t) =p, —oo <t << o0, satisfies (7.1). The trajectory of the critical point p
is the line in R7+1 given by ¥ =p, —00 <t < co and the orbit of a critical
point is the point itself| Alregular pointlis a point which is not critical.]

If p is a critical point of (7.1), then no trajectory other than z(t) =p
can reach the line x =p, —00 <t < 00 by the process of continuation for
this would violate uniqueness. This implies: ¢f p is a critical point and x(t) #~ p
tends to p, then either t — -+ 00 or t — — 0.

A curve A in R* is the range of a continuous mapping of an interval
I c Rinto R~». The curve is said to be differentiable if the associated mapping
is differentiable. Given a continuous f: Q — R?, Q open in R, f = (f1, ..., fa),
we say a curve A is a solution of the equations

dx; dxe . dz,

h@ @ @

if A is differentiable and the differential dx along A is parallel to f(z) when
f(z) #0, and A is a point when f(z) =0.

(7.2)

LemMaA 7.1. The solution of (7.2) at any point p of Q is the orbit of
(7.1) through »p.

Proor. If p=(p1, ..., pn) is a critical point, then y and A are both
equal to p. If p is not a critical point, then one of the components of f say f1
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is such that fi(p) # 0. Therefore, fi(x) 7~ 0 for z in a neighborhood U of p.
In U system (7.2) is therefore equivalent to the ordinary differential system

dza _ falz)

—_— , = s =2,3,...,n.
iz fi@) Za(P1) = Pa a

From the existence Theorem 1.1, these equations have a solution z.(z:)
which exists for |#; — p| sufficiently small. We parametrize A in the following
way. Consider the autonomous scalar equation

dxl

s = fi(z1, z2(x1), . . ., Ta(®1)).

This equation has a solution z(f), x1(0) =p1, which exists for [f| small.
One now easily shows that z1(t), z4(x1()), « =2, ..., n, is a solution of (7.1).
Since the orbit of (7.1) through any point of Q is a solution of (7.2), this
proves A =y and the lemma.

A homeomorphic image of a closed or oven line segment is called an arc.
A homeomorphic image of the circumference of a circle is called a Jordan
curve. A path:y is said to be closed if it is a Jordan curve.

LeMMA 7.2. A necessary and sufficient condition for a path of (7.1) to
be closed is that it corresponds to a nonconstant periodic solution of (7.1).

Proor. If y is a closed path of (7.1) and p is a point of vy, there
is a 750 such that ¢(r, p) =¢(0, p) =p. By uniqueness of solutions
é(t+ 7, p) = (¢, p) for all ¢ which says (¢, p) has period 7. Conversely,
suppose ¢(¢, p) = ¢(t + 7, p) for all ¢, $(¢, p) nonconstant, and = is the least
period of ¢(t, p); i.e. p # (¢, ), 0 <t <7. As t varies in [0, 7), ¢(t, p) de-
scribes a curve in R” which is the homeomorphic image of the segment [0, 7)
with ¢(0, p) = (7, p). On the other hand, the line segment [0, 7] with 0 and
7 identified is homeomorphic to the unit circle. This completes the proof.

ExErcise 7.1. Suppose the autonomous equation # =f(x) has a non-
constant periodic solution x0(t). Define stability of this solution. Can the
stability ever be asymptotic? What is the strongest type of stability that
you would expect in such a situation?

We now give a few examples to illustrate the above concepts.

Example 7.1. If z is a real scalar, £ =z, then (¢, p) = etp, the trajec-
tory through p is the set (£, e!p), —c0 <t << c0 and the path through p is the
set {x >0} if p >0, {x =0} if p =0 and {x <0} if p <0. See Fig. 7.1 where
the arrow on a curve in phase space denotes the manner in which the path
is described with increasing time.

Example 7.2. If z is a real scalar, £ = —x(1 -—z), then (¢, p) =
pe~f[1 —p 4 pe~t]. The paths are the sets {x >1}, {xr=1}, {0 <z <1},
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{x =0}, {x <0}. See Fig. 7.2. The equilibrium point z =1 is unstable and
z =0 is asymptotically stable.

Example 7.3. If y is a real scalar, then the equation j+y =0 is
equivalent to the system #; =2, &2 = —x; where x; =y. The phase space
is R2. For any real constants a, b one verifies that ¢i(t) =a sin(t + b),
¢2(t) =a cos(t + b) is a solution of this system and any solution of the equa-
tion can be written in this form. Any trajectory lies on a circular cylinder
and the path through any point is a circle passing through this point with
center at the origin. See Fig. 7.3. An equilibrium point of a two dimensional
autonomous system which has the property that every nelghborhood of the
point contains an orbit which is a closed curve (periodic solution) i’ “called a
center. Thus, the solution ! = 22 =0 of this example is a center.

In this example, we did not need to integrate the equations to obtain the
parametric representation of the orbits in phase space. In fact, Lemma 7.1
implies that the orbits are the solutions of the scalar equation



GENERAL PROPERTIES OF DIFFERENTIAL EQUATIONS 41

X1

which has the solutions 2% + 22 = constant, the constant of course being
determined by the initial values. The manner in which the orbits are described
with increasing time is easily obtained from the original equations.

Ethple 7.4. Suppose & >0 is given, z;, 2 are real scalars, r2 =
x? + x% and consider the system :

&) = —wp + ex1(1 —r?),
Zo =x1 + exa(l —7r2).

The phase space for this system is R2. If 1 = cos 0, z2 =r sin 0, then the
system is equivalent to the system

6=1,
F=er(l —r2).

One easily verifies that the trajectories and paths are as in Fig. 7.4. In this
case, the paths are spirals outside and inside the circle of radius one and the
equilibrium point (0, 0) together with the circle of radius one. The equilibrium

x2

Figure 1.7.4
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point (0, 0) is called a focus; that is, solutions in a neighborhood of it spiral
toward it as t—+o0 (or —o0). To say a solution spirals toward zero as
t -4 o0 (or —o0) is to say that any ray emanating from zero is crossed by
the orbit of the solution an infinite number of times and the solution
approaches zero as t— 400 (or —o0). The orbit (r =1) which is a closed
curve in this example is called a limit cycle, the reason for the terminology
becoming clear in later discussions.

Notice that, for ¢ =0 this example is the same as Example 7.3. How-
ever, for any & >0, no matter how small, the phase portrait of the two
equations are completely different.

Example 7.5. In this example, we illustrate that the solutions of a
differential equation may be much more complicated than any of the previous
examples. A torus is the homeomorphic image of the cross product of two
circles. Suppose 0, ¢ are the angles shown in Fig. 7.5 describing a coordinate

Figure 1.7.5

system on the torus, If 8, ¢ satisfy the differential equation 0=1, ¢;=w,
where w is a constant, then a solution corresponding to an orbit v goes around
the torus traversing the angle ¢ with period 2m/w and the angle 6 with period
2n. Therefore, for w irrational, the path is not closed, but it does have the
property that the closure of vy is the whole torus!

ExERrcIsE 7.2. Prove the statement in Example 7.5 concerning the

closure of y for w irrational. Can you describe the behavior when w is
rational?

Example 7.6. In this example, we show in R3 that the complicated
behavior in Example 7.5 can be shared by all solutions of an equation in a
solid torus. A solid torus is the homeomorphic image of the cross product
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of a circle and a disk. Suppose the region is that depicted in Fig. 7.5 and the
coordinate system (r, 0, $) is as shown with 0 <r <2 and 06, ¢ < 2m.
The value r =0 is a circle C which lies in a plane P and the surface r =
constant, 0 < ¢, § < 27 is a torus, which has C at its center.

For the differential equations, choose

f=1,
$=o,
F=r(l—r),

where w is a constant. The torii » =0 and r =1 are invariant in the sense that
any solution with initial value in these surfaces remain in them for all ¢ in
(—o0, ). Except for the periodic solution corresponding to C, all other
solutions approach the torus described by r = 1. Therefore, from Example
7.5, the closure of every orbit except C' contains the torus r =1 if w is
irrational.

ExEercise 7.3. Discuss the phase portrait of the solutions of the second
order equation

&) = zo(af — a?),

Lo = —~x1(x2 —xl)

What are the orbits and the equilibrium points? Which equilibrium points
are stable? What does the application of Lemma 7.1 yield for this system?

Suppose : S — R” is a given continuously differentiable function on
the ball 8¢ ={u in R*-1, |u| < «} with 4(0) = p and rank [0y(u)/ou] =n —1
for all u in S, . The set {x in B?, x = i)(u), u in Sa} is called a differentiable
(n — 1)-cell E»-1 through p. Such an E7-1 is said to be transverse to the path
yp of (7.1) at p if for each p’ € E; ', the path y,. through p’ is not tangent to
En-1 at p’. This is equivalent to saying that dx along y,. at the point p’ is
not a linear combination of the columns of dy(u)/ou for |u| < « and this in
turn is equivalent to saying that

De, w) < de t[a‘“ ) fe )];éo

for u < «. Suppose D(p, 0) #0. Since D(x, u) is continuous, there is an «
sufficiently small so that D(z, u) #0 for |z —p| <e«, |u| <a«. For this «,
E’;,‘l is transverse to y, at p. If p is a regular point of (7.1), there always
exists an K~ ! transverse to y at p. A closed transversal through y at p is
defined in the same way using the closed ball of radius «.

An open path cylinder of (7.1) is a set which is_ homeomorphic to an
open cylinder (the cross product of an open ball in R®~! and an open interval)



4 ORDINARY DIFFERENTIAL EQUATIONS

and consists only of arcs of paths of (7.1). A closed path cylinder of (7.1) is
a set which is homeomorphic to a closed cylinder and consists only of ares of
paths of (7.1.) The bases of a closed path cylinder are the images under the
homeomorphism of the bases of the closed cylinder. If C is a path cylinder
(either open or closed) the arcs of paths of (7.1) lying in C will be called the
generators of C.

LemMA 7.3. Suppose f has continuous first partial derivatives in Q.
If p is a regular point of (7.1) and E»-1is a differentiable (n — 1)-cell trans-
verse at p to the path y of (7.1) through p, then there is a path cylinder C
containing p in its interior. In particular, every path y’ of (7.1) with a point
in C must cross En-1 at a p’ where E7-1 is transverse to y'.

Proor. Let En-1 have a parametric representation given by E#-1 =
{x in R#»: x =(u),  in Sy}, where Sy ={u in R*~1: |u| < «}, and ¢ has a
continuous first derivative. Let ¢(¢, p), $(0, p’) = p’, be the solution of (7.1)
which describes the path 9’ through p’. There is an interval I containing
zero in its interior such that each ¢(t, p'), p’ € En-1 is defined for ¢ € I. The
function ¢(¢, p’) = ¢(t, Y(u)) can therefore be considered as a mapping 7' of
I x 8y into R*. From Theorem 3.3, this mapping is continuously differen-
tiable in I X S,. If we define

2
Fz,t,u) = —x -+ (u) + fo £((s, P(u)) ds

for z € R», (¢, u) € I X Sa, then the fact that (¢, Y(u)) is a solution of (7.1)
implies F(¢p(t, (u)), t, u) =0 for (¢, u) € I X 8. We now consider the relation
F(x, t, w) =0 as implicitly defining ¢,  as a function of z. Since

OF(x,t, u)
det[ 20, w) ]

equals D(p, 0) for (z,t, u) =(p, 0, 0), this determinant must be different
from zero in a neighborhood of (p, 0, 0). The implicit function theorem there-
fore implies that the inverse mapping of 7' exists and is continuously differ-
entiable in a neighborhood of p. This shows there are o >0, 7 >0 such that
the mapping 7 is a continuously differentiable homeomorphism (or diffeo-
morphism) of I'; X 84, Iy ={t: |t| < 7}, into a neighborhood of p. Furthermore,
{T'(t, w), t in I;} coincides with the arc of 4’ described by the solution ¢(¢, p’),
—r <t <. The range of 7' is an open path cylinder. It is clear there is also
a closed path cylinder. This proves the lemma.

We now extend this local result to a global result in the sense that the
time interval involved in the description of the path may be arbitrarily large
as long as it is finite. First we prove a result for paths which are not closed.
More precisely, we prove
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LEmMa 7.4. Suppose f has continuous first partial derivatives in Q, y is
any path, p is a regular point, pq is an arc of y, E}~', E3~! are differentiable
(n — 1)-cells transverse to y at p, g, respectively. Then there is a closed path
cylinder whose axis is pg and whose bases are in B3, E; 1.

Proor. We can assume that E.~'n E}~! is empty. Relative to
E;~', B!, we can construct local open path cylinders C,, C,. Let ¢, be
the time to traverse the path y from p to ¢; i.e. ¢(t,, p) = ¢. From continuity
with respect to initial data, one can choose an open (n — 1)-cell E’;,“l in
E7~ such that ¢(t,, p') belongs to C, for every p’ in B~

Lemma 7.3 implies that each point ¢(t5, p') must lie on an arc in Cq4 of
a trajectory of (7.1) and must cross B~ lat a pomt q'. Let the time to
traverse the arc 7y, from p' to ¢’ be #,. The mapping p' > ¢, is continnously
differentiable and an application of the implicit function theorem similar to
the above implies the mapping p' - ¢(ty ,p") is a homeomorphism. Since f
in (7.1) is bounded on C; and Cp, there is a v > 0 such that the time to
leave Cp along an arc of a path through p' € E‘" as well as to leave G,
along an arc of a path through ¢' € E; ' is greater than v. Choose v <.

Let us show that p'q’ is a closed arc if the diameter of £ ! is sufficiently
small. If p’q’ is not an arc, then y,. must be a closed curve. Thus, there is a
7,0, ¥ <7, <t, —v such that ¢(r,.,p)=p". If no such E}"! exists so
that p’q’ is an arc, then there is a sequence of p,;eE';,'"l, Tpres V<Tp, <
ty,—Vv, Pp—Pp as k—oo such that ¢(r,,, ;) =p;. The 7, must be
bounded since ¢, —t, as k— o0 and v <7, <t,, — v. Therefore, there is a
subsequence which we label the same as before such that 7, —7, as
k—o00 and 0 <79 < t, —v/2. But this clearly implies that the path vy,
described by ¢(t, p) satisfies (7o, p) =p. This is a contradiction since pq
was assumed to be an arc.

The path cylinder C is obtained as the union of the arcs of the trajectories
p'q’ with p’ in B2~ It remains only to show that this is homeomorphic to a
closed cylinder. For I =[0, 1], define the mapping G: E7™! x I - R" by

G(p’, 8) = ¢(st,-, p'), where ¢, is defined above. It is clear that this mapping
isa homeomorphism and therefore C is a closed path cylinder. This proves
the lemmna.

Now suppose 7 is a closed-path. Lemma 7.2 implies v is the orbit of a
nonconstant penodlc solution ¢(t,p) of (7.1) of least Penod ¢ > 0. Take a
transversal Ep 1 at p. There 1s another transversal Ep at p,E" c E” B
such that, for any q € E; , there is a tq > 0, continuously dlfferentlable
in ¢,x(t4,9) in E” x(t,9) not in E" for 0 < t < t,, and the mapping
F:E,~ X [0 1) Lt defined by F(q,s) x(sty,q) is a diffeomorphism. The

set F(E‘" X [0,1)) is called a path ring enclosing y. We have proved the
followmg result.
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LEmMA 7.5. If yis a closed path, there is a path ring enclosing .

It may be that a solution of an autonomous equation is not defined for
all ¢ in R as the example & =2 shows. In the applications, one is usually
only interested in studying the behavior of the solutions in some bounded set G
and it is very awkward to have to continually speak of the domain of defini-
tion of a solution. We can avoid this situation by replacing the original
differential equation by another one for which all solutions are defined on
(—o0, o) and the paths defined by the solutions of the two coincide inside G.
When the paths of two autonomous differential equations coincide on a set
G, we say the differential equations are equivalent on G.

Lemma 7.6. If f in (7.1) is defined on R" and G < R” is open and
bounded, there exists a function g: R? — R® such that £ = g(z) is equivalent
to (7.1) on G and the solutions of this latter equation are defined on (— oo, o).

Proor. If f=(f1,..., fa), we may suppose without loss of generality
that @ = {z: |fy(z)] £ 1,j=1,2,...,n}. Define g = (g1, ..., ga) by 9; =fi ¢,
where each ¢; is defined by

1 if |fjx)] =1,

1
bw=1{ Hwm T HE>L

1
—_——_— if  fix)<—1.
fi(x) !
Corollary 6.3 implies that g satisfies the conditions of the lemma since
|g(x)| is bounded in R».

L.8. Autonomous Systems—Limit Sets, Invariant Sets

In this section we consider system (7.1) and suppose f satisfies enough
conditions on R” to ensure that the solution &(t, p), (0, p) =p, is defined
for all ¢ in R and all p in R* and satisfies the conditions (i)-(iii) listed at the
beginning of Section I.7.

The orbit y(p) of (7.1) through p is defined by y(p) = {x: x = ¢(t, p),
—o0 <t << o0} If ¢ belongs to y(p), then y(q) =y(p) as remarked earlier.
The positive semiorbit through p is y*(p) ={z: = = (¢, p), ¢t = 0} and the
negative semiorbit through p is y=(p) ={x: * = ¢(t, p), ¢ < 0}. If we do not
wish to distinguish a particular point on an orbit, we will write y, y*, y~ for
the orbit, positive semiorbit, negative semiorbit, respectively.

The positive or w-limit set of an orbit i of (7.1) is the set of points in
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R» which are approached along y with increasing time. More precisely, a
point g belongs to the w-limit set or positive limit set w(y) of an orbit y if
there exists a sequence of real numbers {{x}, tx — o0 as k—> co such that
&(tx, p) —>q as k— co. Similarly, a point ¢ belongs to the «-limit set or
negative limit set a(y) if there is a sequence of real numbers {¢x}, tx — —o0 as
k — co such that ¢(tx, p) —>q as k— 0.

It is easy to prove that equivalent definitions of the w-limit set and
o-limit set are

oy)=Nrm= N Uétnp

DEY 7€(—0,0) t=7
a)=Ny@= [ Uétn
ey T€(—0, ©) IsT

where the bar denotes closure.

A set M in Rn is called anlinvariant setlof (7.1) if, for any p in M, the l

solution (¢, p) of (7.1) through p belongs to M for ¢ in (— 00, 00).JAny orbit

of (7.1) is obviously an invariant set of (7.1). A set M is called positively
(negatively) invariant if for each p in M, ¢(t, p) belongs to M fort = 0 (¢ £ 0).

‘ THEOREM 8.1.] The «- and w-limit sets of an orbit y are closed and

invariant. Furthermore, if y*(y~) is bounded, then the w-(«-) limit set is
nonempty compact and connected, dist(¢(t, p), w(y(p))) -0 as t— oo and
dist(d(¢, p), a(y(p))) =0 as t - —oo.

Proor. The closure is obvious from the definition. We now prove the
positive limit sets are invariant. If ¢ is in w(y), there is a sequence {t,},
tn — 00 as m— oo such that ¢(¢,, p) >q as n— co. Consequently, for any
fixed ¢ in (— o0, ), ¢t + tn, P) = $(t, d(tn, D)) = $(t, q) as n — oo from the
continuity of ¢. This shows that the orbit through g belongs to w(y) or w(y)
is invariant. A similar proof shows that «(y) is invariant.

If ¢+ (y7) is bounded, then the w- («x-) limit set is obviously nonempty
and bounded. The closure therefore implies compactness. It is easy to see that
dist(é(t, p), w(y(p))) =0 as t — oo, dist($(t, p), x(y(p))) -0 as t - —co. This
latter property clearly implies that w(y) and «(y) are connected and the
theorem is proved.

CoroLLARY 8.1. The limit sets of an orbit must contain only coniplete
paths.

A set M in R is called a minimal set of (7.1) if it is nonempty, closed
and invariant and has no proper subset which possesses these three properties.

Lemma 8.1. If 4 is a nonempty compact, invariant set of (7.1), there is
aminimal set M C 4.
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Proor. Let F be a family of nonempty subsets of B* defined by F =
{B: B c A, B compact, invariant}. For any B;, Bz in F, we say Bs < B if
By = B;. For any F; < F totally ordered by “ < ”, let C = ﬂBeplB, The
family F; has the finite intersection property. Indeed, if By, B are in Fy,
then either B; << By or By << B; and, in either case, By N Bz is nonempty
and invariant or thus belongs to F;. The same holds true for any finite
collection of elements in F';. Thus, C is not empty, compact ar;gi invariant
and for each B in F;,C < B. Now suppose an element D of F is such that
D < B for each B in F;. Then D < B for each B in F; which implies D =« C
or D <C. Therefore C is the minimum of F;. Since each totally ordered
subfamily of F admits a minimum, it follows from Zorn’s lemma that there
is a minimal element of F. It is easy to see that a minimal element is a
minimal set of (7.1) and the proof is complete.

Let us return to the examples considered in Section 1.7 to help clarify
the above concepts. In example 7.1, the w-limit set of every orbit except
the orbit consisting of the critical point {0} is empty. The «-limit set of every
orbit is {0}. The only minimal set is {0}. In example 7.2, the w-limit set of
the orbits {0 <z <1}, {x <0}, is {0}, the «-limit set of {x > 1}, {0 <z <1} is
{0} and {0} and {1} are both minimal sets. In example 7.3, the w- and «-limit
set of any orbit is itself, every orbit is a minimal set and any circular disk
about the origin is invariant. In example 7.4, the circle {r =1} and the point
{r =0} are minimal sets, the circle {r =1} is the w-limit set of every orbit
except {r =0}, while the point {r =0} is the «-limit set of every orbit inside
the uuit circle. In example 7.6, the torus »r =1 is a minimal set as well as
the circle » = 0, the w-limit set of every orbit except » = 0 is the torus r =1
and the a-limit set of every orbit inside the torus » =1 is the circle »r =0.

Let us give one other artificial example to show that the w-limit sets
do not always need to be minimal sets. Consider  and 8 as polar coordinates
which satisfy the equations

A =sin? 6 4 (1 — )3,
F=rl —r).

The w-limit set of all orbits which do not lie on the sets {r =1} and {r =0}
is the circle r = 1. The circle » =1 is invariant but the orbits of the equation
on r =1 consist of the points {§ =0}, {§ ==} and the arcs of the circle
{0 <6 <=}, {w <6 <2n}, The minimal sets on this circle are just the two
points {6 =0}, {6 ==}.-

Exzrcise 8.1. Give an example of a two dimensional system which

has an orbit whose w-limit set is not empty and disconnected.

TrEOREM 8.2. If K is a positively invariant set of system (7.1) and
K is homeomorphic to the closed unit ball in R*, there is at least one equili-
brium point of system (7.1) in K.
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Proor. Forany 71 > 0, consider the mapping taking p in K into ¢(71, p)
in K. From Brouwer’s fixed point theorem, there is a p; in K such that
&(71, p1) =p1, and, thus, a periodic orbit of (7.1) of period 71. Choose a
sequence Ty >0, Tm —0 as m — oo and corresponding points pp, such that
&(Tm, Pm) =Pm. We may assume this sequence converges to a p* in K
as m —> oo since there is always a subsequence of the p,, which converge.
For any t and any integer m, there is an integer ¥ (t) such that kn(t)rm St <
km(t)Tm + Tm and d(km(t)Tm, Pm) =DPm for all ¢ since ¢(¢, pm) is periodic of
period 7y, in ¢. Furthermore,

(¢, p*) —p*| < |$(t, p*) — $(t, Pm)| + |$(t, Pm) — Pm| + |Pm — P¥]
= l¢'(t’ p*) — ¢(t: Pm)| + |¢(t — km(t)Tm , Pm) "Pml
+|pm —2*,
and the right hand side approaches zero as m — oo for all ¢. Therefore, p* is
an equilibrium point of (7.1) and the theorem is proved.

Some of the most basic problems in differential equations deal with the
characterization of the minimal sets and the behavior of the solutions of the
equations near minimal sets. Of course, one would also like to be able to
describe the manner in which the w-limit set of any trajectory can be built
up from minimal sets and orbits connecting the various minimal sets. In the
case of two dimensional systems, these questions have been satisfactorily
answered. For higher dimensional systems, the minimal sets have not been
completely classified and the local behavior of solutions has been thoroughly
discussed only for minimal sets which are very simple. Our main goal in the
following chapters is to discuss some approaches to these questions.

19. Remarks and Suggestions for Further Study

For a detailed proof of Peano’s theorem without using the Schauder
theorem, see Coddington and Levinson (1], Hartman [1]. When uniqueness
of trajectories of a differential equation is not assumed, the union of all
trajectories through a given point forms a type of funnel. For a discussion of
the topological properties of such funnels, see Hartman [1].

There are many other ways to generalize the concept of a differential
equation. For example, one could permit the vector field f(t, ) to be con-
tinuous in ¢, but discontinuous in x. Also, f (¢, x) could be a set valued function.
In spite of the fact that such equations are extremely important in some
applications to contrel theory, they are not considered in this book. The
interested reader may consult Flugge-Lotz [1], André and Seibert [1],
Fillipov [1], Lee and Marcus [1].

The results on differential inequalities in Section 6 are valid in a much
more general setting. In fact, one can use upper right hand derivatives in
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place of right hand derivatives, the assumption of uniqueness can be elimi-
nated by considering maximal solutions of the majorizing equation and even
some types of vector inequalities can be used. Differential inequalities are
also very useful for obtaining uniqueness theorems for vector fields which
are not Lipschitzian. See Coppel [1], Hartman [1], Szarski[1], Laksmikantham
and Leela [1].

Sections 7 and 8 belong to the geometric theory of differential equations
begun by Poincaré [1] and advanced so much by the books of Birkhoff [1],
Lefschetz [1], Nemitskii and Stepanov [1], Auslander and Gottschalk
[1). The presentation in Section 7 relies heavily upon the book of Lefschetz [1].
A function ¢: R X R» into R™ which satisfies properties (i-iii) listed at the
beginning of Section 7 is called a dynamical system. Dynamical systems can
and have been studied in great detail without any reference to differential
equations (see Gottschalk and Hedlund [1], Nemitskii and Stepanov [1]).
All results in Section 7 remain valid for dynamical systems. However, the
proofs are more difficult since the implicit function theorem cannot be
invoked. The concepts of Section 8 are essentially due to Birkhoff [1].

The definitions of stability given in Section 4 are due to Liapunov [1].
For other types of stability see Cesari [1], Yoshizawa [2].



CHAPTER II

Two Dimensional Systems

The purpose of this chapter is to discuss the global behavior of solutions
of differential equations in the plane and differential equations without
critical points on a torus. In particular, in Section 1, the w-limit set of any
bounded orbit in the plane is completely characterized, resulting in the famous
Poincaré-Bendixson theorem. Then this theorem is applied to obtain the
existence and stability of limit cycles for some special types of equations.
In Section 2, all possible w-limit sets of orbits of smooth differential equations
without singular points on a torus are characterized, yielding the result that
the w-limit set of an orbit is either a periodic orbit or the torus itself.

Differential equations on the plane are by far the more important of the
two types discussed since any system with one degree of freedom is described
by such equations. On the other hand, in the restricted problem of three
bodies in celestial mechanics, the interesting invariant sets are torii and,
thus, the theory must be developed. Also, as will be seen in a later chapter,
invariant torii arise in many other applications.

IL.1. Planar Two Dimensional Systems—The Poincaré-Bendixson Theory

In this section, we consider the two dimensional system
(1.1) & =f (@)

where x is in R2, f: R2 — R2 is continuous with its first partial derivatives and
such that the solution ¢(¢, p), $(0, p) =p, of (1.1) exists for —oo <t < c0.
The solution (¢, p) is the unique solution through (0, p) and, therefore, is
continuous for (¢, p) in R3. For each fixed ¢, recall that the mapping
&(t, - ): R?2— R2isa homeomorphism.

The beautiful results for 2-dimensional planar systems are made possible
because of the Jordan curve theorem which is now stated without proof.

[ Recall that a Jordan curve is the homeomorphic image of a circle.|
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, IJORDAN CURVE THEOREM.I Any Jordan curve J in R2 separates the

plane; more precisely, R2\J =8, U S; where S, and §; are disjoint open sets,
S, is unbounded and called the exterior of J, S; is bounded and called the
interior of J and both sets are arcwise connected.

A set B is arcwise connected if p, ¢ in B implies there is an arc pq joining
p and ¢ which lies entirely in B.

Let p be a regular point, L be a closed transversal containing p, Lo be
its interior,

V ={p in Ly: there is a t, >0 with ¢(tp, p) in Lo and
é(t, p) in R2\L for 0 <t <tp},

and let W =h"1(V) where h: [—1, 1]— L is a homeomorphism. Also, let
g: W—(—1, 1) be defined by g(w) =h~1¢(tpw) , M(w)). See Fig. 1.1.

__________ h-1
\\\\
\\\\\ ~
h\\\\ \\
~o N
N \
-1 w g(w) 1

Figure 11.1.1

LemMa 1.1. The set W is open, g is continuous and increasing on W
and the sequence {g¥(w)}, k=0, 1, ..., » £ oo is monotone, where gk(w) =
g(g¥ " (w), k=1,2, ..., g%w) =

Proor. Forany pin V < Lglet ¢ =¢(tp, p) in Lo. From Section 1.7,
we have proved that the arc pg of the path through p can be enclosed in an
open path cylinder with pq as axis and the bases of the cylinder lying in the
interior Lo of the transversal L. This proves W is open. From continuity
with respect to initial data, ¢, is continuous and we get continuity of g.

To prove the last part of the lemma, consider the Jordan curve J given
by C = {x: z =¢(¢, p), 0 <t <¢p} and the segment of L joining p and gq.
If p =g, then y(p) is a periodic orbit and the sequence {g¥(w)}, w =h=1(p),
consists of only one point. Thus, suppose for definiteness h~1(p) <h~1(g);
that is, g(w) > wo , wo = h~1(p), w = h~1(q). Let 8;, S¢ denote the 1nte§10r and
exterior of J, respectively. From the definition of a transversal L, paths can
cross L in only one direction. Therefore, that part of Lo given by A[(g(w), 1)]
must be completely in either S; or S, since otherwise an orbit would cross the
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segment pq of Ly in a direction opposite to the direction the orbit through »
crosses L. Therefore, if g2(w) is defined, it must belong to (g(w), 1) which by
induction shows that the sequence above is monotone. Suppose w; >w, w;
in W. If g(w,) is defined, then g(w;) > g(w) for the same reason as before. This
completes the proof of the lemma.

We used the differentiability of f(z) in the above proof when we proved
the existence of a path cylinder in Section I.7. As remarked at the end of
Chapter I, this assumption is unnecessary and one can prove the existence
of a path cylinder only under the assumption of uniqueness of solutions. In
all of the proofs that follow in this section, this is the only place differenti-
ability of f(x) is used. In particular, the Poincaré-Bendixson theorem below
is valid without differentiability of f(x).

CoroLLARY 1.1. The w-limit set w(y) of an orbit y can intersect the
interior Lg of a transversal L in only one point. If w(y) N Lo =po, y =y(p),
then either w(y) =y, and vy is a periodic orbit or there exists a sequence
{tx}, tg > o as k> o= such that ¢(ty,p) is in Lo, ¢(tx,p) = po monotonically;
that is, the sequence A~ (¢(¢x,p)) is monotone.

Proor. Suppose w(y) N Ly contains a point po. From the definition
of w-limit set, there is a sequence {#;}, ¢, —o0 as k—oo such that
&(t, P) — Do as k— co. But from Section 1.7, there must be a path cylinder
containing po such that any orbit passing sufficiently near po must contain
an arc which crosses the transversal L at some point. Therefore, there exist
points gx = ¢(tx, p) in Lo, tx — o0 as k— oo such that gx—po as k— co.
But Lemma 1.1 implies that the g approach po monotonically in the sense
that h~1(gx) is a monotone sequence. Suppose now p, is any other point in
w(y) n L. Then the same argument holds to get a sequence g;, —p, mono-
tonically. Lemma 1.1 then clearly imples that p, =p, and the corollary is
proved.

CoroLLARY 1.2. If y* and w(y*) have a regular point in common, then
y* is a periodic orbit.

Proor. If po in yt N w(yt) is regular, there is a transversal of (1.1)
containing pg in its interior. From Corollary 1.1, if w(y*) # y*, there is a
sequence g = ¢(¢x , p) — po monotonically. Since po is in y*, this contradicts
Lemma 1.1. Corollary 1.1 therefore implies the result.

TueoreM 1.1. If M is a bounded minimal set of (1.1), then M is either
a critical point or a periodic orbit.

Proor. If y is an orbit in M, then «(y) and w(y) are not empty and
belong to M. Since «(y) and w(y) are closed and invariant we have o(y) =
w(y) =M. If M contains a critical point, then it must be the point itself
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since. it is equal to w(y) for some y. If M = w(y) does not contain a critical
point, then y < w(y) implies y and w(y) have a regular point in common which
implies by Corollary 1.2 that y is periodic. Therefore y = w(y) = M and this
‘proves Theorem 1.1.

Lemma 1.2. If w(y*) contains regular points and also a periodic orbit
Y0, then w(y*) =yo.

Proor. If not, then the connectedness of w(y*) implies the existence
of a sequence {ps}, Pn in w(y*)\yo and a po in yo such that p, —po as n — co.
Since po is regular, there is a closed transversal L such that py is in the interior
Lo of L. From Corollary 1.1, w(y*) n Lo = {po}. From the existence of a
path cylinder in Section 1.7, there is neighborhood N of po such that any orbit
entering N must intersect Lo . In particular, y(py) for n sufficiently large must
intersect Lg. But we know this occurs at po. Thus p, belongs to y¢ for n
sufficiently large which is a contradiction.

THEOREM 1.2 (Poincaré-Bendixson Theorem). If y+ is a bounded
positive semiorbit and w(y*) does not contain a critical point, then either

() y*=owly)

or

(ii) w(yt) =7\

In either case, the c-limit set is a periodic orbit. The same result is valid
for a negative semiorbit.

Proor. By assumption and Theorem I1.8.1, w(y*) is nonempty, compact
invariant and contains regular points only. Therefore, by Lemma 1.8.1, there
is a bounded minimal set M in w(y*) and M contains only regular points.

Theorem 1.1 implies M is a periodic orbit yo. Lemma 1.2 now implies the
theorem.

An invariant set M of (1.1) is said to be stable if for every e-neighborhood
U, of M there is a 8-neighborhood Us of M such that p in Us implies y+(p)
in U, . M is said to be asymptotically stable if it is stable and in addition there
is a b >0 such that p in U, implies dist(¢(t, p), M) -0 as t —>co. If M is a
periodic orbit, one can also define stability from the inside and outside of M
in an obvious manner.

CoroLLaRY 1.3. For a periodic orbit yo to be asymptotically stable it
is necessary and sufficient that there is a neighborhood G of y¢ such that
w(y(p)) = yo for any p in G.

Proor. We first prove sufficiency. Clearly dist(¢(t, p), yo) =0 as ¢t > o
for every p in G. Suppose L is a transversal at po in y¢ and suppose p is in
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G N8, qisin G n 8, where S, and S; are the exterior and interior of o,
respectively. From Corollary 1.1, there are sequences pj = Sy, D), Q=
&(t;., ) in L approaching p, as k — co. Consider the neighborhood U, of v,
which lies between the curves given by the arc px pg+1 of y(p) and the segment
of L between px and pi+1 and the arc qx gx+1 of y(p) and the segment of L
between ¢; and g, ,. U, is a neighborhood of y,. The sequences {t.}, {;}
satisfy ¢ ., —t, —> o, b, ) — £}, —> o as k — oo where o is the period of y,. This
follows from the existence of a path ring around y,. Continuity with respect
to initial data then implies for any given e-neighborhood U, of yo, t here is a
k sufficiently large so that p in Uy implies ¢(¢, p) in U, for ¢t = 0 and vy is
stable.

To prove the converse, suppose y¢ is asymptotically stable. Then there
must exist a neighborhood G of y¢ which contains no equilibrium points and
G\yo contains no periodic orbits. The Poincaré-Bendixson theorem implies
the w-limit set of every orbit is a periodic orbit. Since 7 is the only such orbit
in @, this proves the corollary.

CoroLLARY 1.4. Suppose y1, y2 are two periodic orbits with y2 in the
interior of y; and no periodic orbits or critical points lie between y; and ys.
Then both orbits cannot be asymptotically stable on the sides facing one
another.

PrOOF. Suppose y1, y2 are stable on the sides facing one another. Then
there exist positive orbits y;, y, in the region between v,, v, such that y, =
71\y1, Y2 = Pa\y2. For any p, in y,, p, in y, construct transversals L;, L.
There exist p; % p] in v} N L;, ps#py in y5 n Ly. Consider the region S
bounded by the Jordan curve consisting of the arc p; p; of v; and the segment
of the transversal L; between p; and p; and the curve consisting of the arc
Py Py of y; and the segment of the transversal L, between p, and py (see
Fig. 1.2). The region S contains a negative semiorbit. Thus, the Poincaré-
Bendixson Theorem implies the existence of a periodic orbit in this region.
This contradiction proves the corollary.

THEOREM 1.3. Let y* be a positive semiorbit in a closed bounded subset
K of R? and suppose K has only a finite number of critical points. Then one
of the following is satisfied:

(i) w(y*) is a critical point;

(ii) w(y*) is a periodic orbit;

(iii) w(y*) contains a finite number of critical points and a set of orbits
yi with a(y¢) and w(y;) consisting of a critical point for each orbit y;. See
Fig. 1.3.

Proor. w(y*) contains at most a finite number of critical points. If
w(y*) contains no regular points, then it must be just one point since it is
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Iigure I11.1.2

@ @ii) (iii)
Figure I1.1.3

connected. This is case (i). Suppose w(y*) has regular points and also contains
a periodic orbit yo. Then w(y*) = yo from Lemma 1.2.

Now suppose w(y*) contains regular points and no periodic orbits. Let
yo be an orbit in w(y*). Then w(yo) = w(y*). If po in w(yo) is a regular point
and L is a closed transversal to po with interior Ly, then Corollary 1.1 implies
w(y*) N Lo = w(yo) N Lo = {po} and yo must meet Lo at some go. Since yo
belongs to w(y*) we have g9 = po which implies by Corollary 1.2 that yq is
periodic. This contradiction implies w(yo) has no regular points. But, w(yo)
is connected and therefore consists of exactly one point, a critical point. A
similar argument applies to the «-limit sets and the theorem is proved.

CoroLLARY 1.5. If y*is a positive semiorbit contained in a compact set
in Q and w(y*) contains regular points and exactly one critical point po,
then there is an orbit in w(y*) whose «- and w-limit sets are {po}.

We now discuss the possible behavior of orbits in a neighborhood of a
periodic orbit. Let o be a periodic orbit and Lo be a transversal at pg in yq,
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h: (—1, 1) Lo be a homeomorphism with A(0) =po. If g is the function
defined in Lemma 1.1, then g(0) = 0 since yy is periodic. Since the domain W
of definition of ¢ is open, 0 is in W, g is continuous and increasing, there is an
€ >0 such that ¢ is defined and g(w) >0 for w in (0, ¢) and g(w) <0 for w
in (— ¢, 0). We discuss in detail the case g(w) >0 on (0, ¢) and the case
g(w) < 0 on (— ¢, 0) is treated in a similar manner. Three possibilities present
themselves. There is an €1, 0 < €1 < ¢, such that

(i) g(w) <w for win (0, &1);
(i) g(w) >w for w in (0, &1);
(iii) g(w) = w for a sequence wy >0, wy —0 as n — 0.

In case (i), g¥(w) is defined for each k>0, is monotone decreasing and
g*¥(w) -0 as k—oo. In fact, it is clear that g*¥(w) is defined for k& > 0.
Lemma 1.1 states that g¥(w) is-monotone and the hypothesis implies this
sequence is decreasing. Therefore, g¥(w)—>wo=0 as k-—oco. But, this
implies g(wo) = wo and therefore wo = 0. Similarly, in case (ii), if we define
g *(w) to be the inverse of gk(w) then g—*(w), is defined for each k >0, is
decreasing and g—*(w) -0 as k — co.

If we interpret these three cases in terms of orbits and limit sets, we have

TueorEM 1.4. If vy, is a periodic orbit and @ is an open set containing
v0, Ge=G n 8¢, Gy =G N S; where S, and S; are the interior and exterior
of yo, then one of the following situations occur:

(i) there is a G such that either yo = w(y(p)) for every p in G, or yo =
o(y(p)) for every p in Ge;

(ii) for each G, there is a p in G4, p not in o, such that «(y(p)) = y(p)

is a periodic orbit.

Similar statements hold for G; .

We call vo a limit cycle if there is a neighborhood G of v, such that either
w(y(p)) = v, for every pE G or aly(p) = v, for every pEG.

The Pomcaré-Bendixson theorem suggests a way to determine the
existence of a nonconstant periodic solution of an autonomous differential
equation in the plane. More specifically, one attempts to construct a domain
D in R? which is equilibrium point free and is positively invariant; that is,
any solution of (1.1) with initial value in D remains in D for ¢ = 0. In such a
case, we are assured that D contains a positive semiorbit y*+ and thus a

periodic solution from the Poincaré-Bendixson theorem | Furthermore, if we

can ascertain that there is only one periodic orbit in D, it will be asymptot-
ically stable from Theorem 1.4 and Corollary 1.3.

These ideas are illustrated for the Lienard type equation

(1.2) U+guu+u=0
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where g(u) is continuous and the following conditions are satisfied:

(13) (a) G(u)=def f:g(s) ds is odd in ,
(b) G(u)— o0 as |u| — oo and there is a 8 >0 such that G(u) >0

for > 8 and is monotone increasing.
(¢) There is an o >0 such that G(u) <0 for 0 <u <a, G(a) = 0.

Equation 1.2 is equivalent to the system of equations
(1.4) u=v— G(u),

U= —u.

System (1.4) is a special case of system (1.1) with = (4, v) and has a unique
orbit through any point in R2 since G has a continuous first derivative.
System (1.4) has only one critical point; namely, v =0, » =0, and the orbits
of (1.4) are the solutions of the first order equation

dv u

du v—Gu)
From (1.4), the function » = u(t) is increasing for v > G(u), decreasing if
v < G(u) and the function v = v(t) is decreasing if 4 > 0, increasing if » < 0.
Also, the slopes of the paths v = v(u) described by (1.5) are horizontal on the
v-axis and vertical on the curve v = G(u). These facts and hypothesis (1.3b)
on G(u) imply that a solution of (1.4) with initial value 4 = (0, vo) for vo
sufficiently large describes an orbit with an arc of the general shape shown in
Fig. 14.

(1.5)

q

Figure 11.1.4
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Observe that (u, v) a solution of (1.4) implies (—u, —v) is also a solution
from hypothesis (1.3a). Therefore, if we know a path ABECD exists as in
Fig. 1.4, then the reflection of this path through the origin is another path.
In particular, if 4 = (0, vo), D = (0, —v1), v1 <o, then the complete positive
semiorbit of the path through any point 4’ = (0, v;), 0 <wvy <v, must be
bounded. In fact, it must lie in the region bounded by the arc A BECD, its
reflection through the origin and segments on the v-axis connecting these
arcs to form a Jordan curve. The above symmetry property also implies
that (1.4) can have a periodic orbit if and only if v; =v,.

We show there exists a vo > 0 sufficiently large so that a solution as in
Fig. 1.4 exists with 4 = (0, vg), D = (0, —v1), v1 <wvo. Consider the function
V(u, v) = (u2 4 v2)/2. If u, v are solutions of (1.4) and (1.5), then

av
(1.6) (a) 7o —uG(u),

av . uG(u)
(&) du v — G(u)

av
(0 — =6

Using these expressions, we have

—uG(u)
V(D)—V(4)= dV:( + ) du + G(u) dv
()= Vi) LBECD fAB J‘C'D v — G(u) BEC ®)
along the orbits of (1.4). It is clear that this first expression approaches zero
monotonically as vg — co. If F is any point on the u-axis in Fig. 1.4 between

(B, 0) and E, and ¢(vo) = fBEC G(u) dv, then

— p(vo) = —f G(u)dv=f ' G(u)dv>f @(u) dv > FJ x FK
BEC CEB EK

where FJ, FK are the lengths of the line segments indicated in Fig. 1.4. For
fixed F, FK — o0 as vg— 00 and this proves ¢(vg) - — o0 as vg—> 0. Thus,
there is a vg such that V(D) < V(4). But this implies v; < vg and the semi-
orbit through 4 must be bounded. On the other hand, this semiorbit must
also be bounded away from the origin since (1.6a) and hypothesis (1.3c)
implies that dV/dt > 0 along solutions of (1.4) if |u| << a. Finally, the Poincaré-
Bendixson Theorem implies the existence of a periodic solution of (1.4) and
we have '

THEOREM 1.5. If G satisfies the conditions (1.3), then equation (1.2)
has a nonconstant periodic solution.
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Figure 11.1.5

If further hypotheses are made on G, then the above method of proof
will yield the existence of exactly one nonconstant periodic solution. In
fact, we can prove

TrEOREM 1.6. If ( satisfies the conditions (1.3) with « = B, then equa-
tion (1.2) has exactly one periodic orbit and it is asymptotically stable.

Proor. With the stronger hypotheses on G, every solution with initial
value A = (0, vo), vo > 0, has an arc of an orbit as shown in Fig. 1.5.

With the notations the same as in the proof of Theorem 1.5 and with
E = (up, 0), we have

V(D) — V(4) = L DG’(u) dv >0,

BEC
if ug < «. This implies'no periodic orbit can have up < a.

For up > «, if we introduce new variables x = G(u), y = v to the right of
line BC in Fig. 1.5 (this is legitimate since G(«) is monotone increasing in this
region), then the arc BEC goes into an arc B*E*C* with end points on the

y-axis and the second expression ¢(vo) = fBEC G(u)dv = fB‘E‘C_
negative of the area bounded by the curve B*E*(C* and the y-axis. Therefore,

®(vo) is a monotone decreasing function of v,. It is easy to check that
[AB + BCG(u)duis decreasing in v, and so V(D) — V(A4) is decreasing in vg.

Also, in the proof of Theorem 1.5, it was shown that V(D) — V(4) approaches
—o as vy > %o, Therefore, there is a unique vy for which V(D) = V(4) and
thus a unique nonconstant periodic solution. Theorem 1.4 and Corollary 1.3
imply the stability properties of the orbit and the proof is complete.

An important special case of Theorem 1.6 is the van der Pol equation

(L.7) U—k(l —u)yu+u=0, k>0.

x dy is the
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In the above crude analysis, we obtained very little information con-
cerning the location of the unique limit cycle given in Theorem 1.6. When a
differential equation contains a parameter, one can sometimes discuss the
precise limiting behavior as the parameter tends to some value. This is
illustrated with van der Pol’s equation. (1.7). Suppose k is very large; more
specifically, suppose k = ¢~1 and let us determine the behavior of the periodic
solution as & —0+. Oscillations of this type are calledlrelaxation oscillations]
System (1.7) is equivalent to
(1.8) eu =v — G(u),

U= — eu,

where G(u) =u3/3 —u. From Theorem 1.6, equation (1.8) has a unique
asymptotically stable limit cycle I'(¢) for every & >0. From (1.8), if ¢ is
small and the orbit is away from the curve v = G(u) in Fig. 1.6, then the u

Figure 11.1.6

coordinate has a large velocity and the v coordinate is moving slowly. There-
fore, the orbit, has a tendency to jump in horizontal directions except when
it is very close to the curve v = G(u). These intuitive remarks are made
precise in

THEOREM 1.7. As £ —0, the limit cycle of (1.8) approaches the Jordan
curve J shown in Fig. 1.6 consisting of arcs of the curve v = G(u) and hori-
zontal line segments.

To prove this, we construct a closed annular region U containing J
such that dist(U, J) is any preassigned constant and yet for ¢ sufficiently
small, all paths cross the boundary of U inward. U will thus contain (from
the Poincaré-Bendixson theorem) the limit cycle I'(¢). The construction of
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U is shown in Fig. 1.7 where k is a positive constant. The straight lines 81
and 45 are tangent to v = G(u) + A, v = G(u) — h respectively and the lines
56, 12, 9-10, 13-14, are horizontal while 23, 67, 11-12, 15-16 are vertical.
The remainder of the construction should be clear. The inner and outer

v v=/G(u)
/
/I l/v=G(u)-h

# ___________
/1 14 ¥ ~_i3 -
/) AN
/ /6 5
// /
= h
v=G(u)+ //u=G(u)
/
/
Figure I1.1.7

boundaries are chosen to be symmetrical about the origin. Also marked on
the figure are arrows designating the direction segments of the boundaries
crossed. These are obtained directly from the differential equation and
are independent of £ > 0. It is necessary to show that the other segments of
the boundary are also crossed inward by orbits if ¢ is small. By symmetry, it
is only necessary to discuss 34, 45 and 10-11.

At any point (u, G(u) — k) on 34, along the orbits of (1.8), we have

dv —e2u &2 < £2u(3)
du v—GQu) h h

where %(3) is the value of » at point 3. Hence for ¢ small enough, this is less
than g(4) < g(u) which is the slope of the curve G(u) — k. Thus, ¥ <0 on this
arc implies the orbits enter the region along this arc.

Along the arc 45, we have |v — G(u)| >k and, hence, the absolute value
of the slope of the path |dv/du| =|—e2u/[v — Q(u)]| < eu(4)/h approaches
zero as € 0. For & small enough this can be made < g(4) which is thé slope
of the line 45. Thus, 4 < 0 on this arc implies the orbits enter into U if ¢
is small enough.
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Let K be the length of the arc 11-12. For K small enough, [v — G(u)| > K
along the arc 10-11. Hence, |dv/du| along orbits of (1.8) is less than
e2y/K < 2u(11)/K, which approaches zero as &£—0. Thus, for ¢ small,
the orbits enter U since % > 0 on this arc.

This shows that given a region U of the above type, one can always
choose ¢ small enough to ensure that the orbits cross the boundary of U
inward. This proves the desired result since it is clear that U can be made to
approximate J as well as desired by appropriately choosing the parameters
used in the construction.

Exgrctse 1.1, Prove the following Theorem. Any open disk in R? which
contains a bounded semiorbit of (1.1) must contain an equilibrium point. Hint:
Use the Poincaré-Bendixson Theorem and Theorem 1.8.2.

ExErcisE 1.2. Give a generalization of Exercise 1.1 which remains valid
in R3? Give an example.

ExErcIsE 1.3. Prove the following Theorem. If div f has a fixed sign
(excluding zero) in a closed two cell Q, then Q has no periodic orbits. Hint:
Prove by contradiction using Green’s theorem over the region bounded by a
periodic orbit in Q.

ExErcISE 1.4. Consider the two dimensional system z=f(t, =z),
f(t+1, x) =f (t, ), where f has continuous first derivatives with respect
to z. Suppose Q is a subset of R2 which is homeomorphic to the closed unit
disk. Also, for any solution (¢, zo), (0, Zo) = %o , suppose there is a T'(zo) such
that (¢, o) is in Q for all ¢ = T'(xo). Prove by Brouwer’s fixed point theorem
that there is an integér m such that the equation has a periodic solution of
period m. Does there exist a periodic solution of period 1?

ExERCISE 1.5. Suppose f as in exercise (1.4) and there is a A >0 such
that z’f (t, z) < —A|z|? for all ¢, =. If g(t) =g(t + 1) is a continuous function,
prove the equation £ = f(¢, ) + g(¢) has a periodic solution of period 1.

ExErCISE 1.6. Suppose 7y, is a periodic orbit of a two dimensional
system and let"G, and G; be the sets defined in Theorem 1.4. Is it possible for
an equation to have a(y(p)) = 7, for all noncritical points p in G; and
w(7(q)) = 7, for all g in G,.? Explain.

ExEercise 1.7. For Lienard’s equation, must there always be a periodic
orbit which is stable from the outside? Must there be one stable from the
inside? Explain.



64 ORDINARY DIFFERENTIAL EQUATIONS

ExErcise 1.8 Is it possible to have a two dimensional system such
that each orbit in a bounded annulus is a periodic orbit? Can this happen for
analytic systems? Explain.

I1.2. Differential Systems on a Torus

In this section, we discuss the behavior of solutions of the pair of first
order equations

(2.1) ¢ =(¢, 0),
o = ®(¢! 0);
where
(2.2) D(+1, 6) =D(, 0+ 1) =D(¢, 0),

OP+1, 6)=0(¢, 0+1) =0(, 6).

We suppose @, ® are continuous and there is a unique solution of (2.1)
through any given point in the ¢, 6 plane. Since ®, ® are bounded, the
solutions will exist on (— o0, ©0).

If opposite sides of the unit square in the (¢, 8)-plane are identified, then
this identification yields a torus J and equations (2.1) can be interpreted
as a differential equation on a torus. An orbit of (2.1) in the (¢, 6)-plane when
interpreted on the torus may appear as in Fig. 2.1.

0

Figure 11.2.1

We also suppose that (2.1) has no equilibrium points and, in particular,
that O(¢, ) 7 0 for all $, §. The phase portrait for (2.1) is then determined by

do
2.3 =A(4, ),
(2.3) P (G
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A(P+1,0)=A($, 0+ 1)= A(¢, 0),

where A(¢, ) is continuous for all ¢, §. The discussion will center around the
solutions of (2.3).
The torus J can be embedded in R3 by the relations

(2.4) z = (R + r cos 270) cos 2.
y = (R + 7 cos 278) sin 27,
2 =r sin 270,
0<¢<1,0<0<1,0<r<R

This embedding is convenient for the sake of terminology only. We shall
refer to the circle ¢ = constant as a meridian and § = constant as a parallel.

Example 2.1. In (2.1), if ® =1, ® =w, a constant, then A(4, ¢) =w
in (2.3). The solution 0(¢, do, 6o), 0(¢o , do, 0o) = 0o of (2.3) is 0(¢, ¢o , o) =
w(@ — do) + bo.

Case (i). If w is rational, say w =p/q, p, ¢ integers, then 6(¢o + ¢,
é0, 00) =00+ p. But, on the torus J, the point (¢o, o) is the same as
(#o + ¢, 6o + p) for any integers p, g. Thus, the orbit through (¢o, 6o) on
J is a closed curve for every initial point (o, ). This implies that the
functions in (2.4) expressed as a function of ¢ with the parametric represen-
tation of 6, ¢ being given by (2.1) are periodic in ¢.

Case (ii). If w is irrational, there do not exist integers p, ¢ such that
B(do + q, bo, Oo) = + o for any 8o . Therefore, no orbit on I will be closed
and the functions in (2.4) will not be periodic. We show in this case that
every orbit on J is dense in . It is sufficient to show that the orbit is dense
in the meridian ¢ =0 since the trajectories in the plane all have constant
slope w. There is a constant 8 >0 such that for any y in [0, 1), there is a
sequence of integer pairs (qx, Pk), qx—>00 a8 k—> oo such that [w — pg/
ax —y/qrl< 8/g2. On T, (qx, O(gx, 0, 0)) = (0, wqi) = (0, px+y + mi) =
(0, v + mx) where nx —0 as k— co. This proves the orbit through (0, 0) is
dense but the same is obviously true for any other orbit. The functions (2.4)
will be quasiperiodic in ¢ (for the definition, see the Appendix) with the
parametric representation of 8, ¢ being given by (2.1) since for any initial
point (o, 6o) they are obviously representable in the form xz(t) = 81(¢, wt),
y(t) = 82(¢, wt), 2(t) = 83(t, wt) where each §; is periodic in each argument of
period 1.

Example 2.2. If A($, 6) =sin 270, there are two closed orbits § =0,
0 =1/2 on 7. It is clear that for any g, 0 <C 69 < 1, the corresponding orbit
on J has w-limit set as the closed orbit § = 1/2 and «-limit set the closed orbit
0 =0 since the sets § =0 and § =1 on J are the same.
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There are two striking differences in these examples. In example 2.1
and o irrational, the a- and w-limit set of any orbit on J is J itself. In
example 2.1 with w rational, every orbit is closed whereas in example 2.2,
there are isolated closed orbits which are the limit sets of all other orbits.
For smooth vector fields, it will be shown below that the w-limit and «-limit
sets of any orbit of a general equation (2.3) on J must either be J itself or a
closed orbit.

Since every solution of (2.3) exists on —o0 < ¢ < 0, it follows that every
orbit on J must cross the meridian C given by ¢ =0 and therefore it is
sufficient to take the initial values as (0, £). Let 6(¢, £), 6(0, £) = £, designate
the solution of (2.3) that passes through (0, £). From the assumption of
uniqueness of solutions of (2.3), the function 6(¢, £) is a monotone increasing
function in ¢ for each ¢. Also, the mapping £ —> (1, £) is a homeomorphism
of the real line onto itself and thus induces a homeomorphism 7' of C onto
itself. In fact,

TP:PI, P =(O’ f)’ Pl == (l’ 0(1, é)) = (O’ 0(1’ f))

From the uniqueness of solutions of (2.3), §(1, £) is a monotone increasing
function and thus T preserves the orientation of C. Also, periodicity of (2.3)
and uniqueness of solutions imply

for any integer m.
It is easy to see that

TP Z T(Tn-1P) = (0, O(n, £)); Tm+n(P) = Tm(T#P), TOP — P,

for.all m, n =0, +1, .... First of all, the definition makes sense for negative
values of the integers since (1, P) is a homeomorphism and 70P = P imply
that P =T(T-1P) uniquely defines 7-1. One then inductively defines
T-2, T-3, etc. To prove the stated assertions, notice that periodicity in (2.3)
and uniqueness of solutions imply that

for all integers m, n. This relation immediately yields the above assertions.

THEOREM 2.1. The rotation number of (2.3),
def . O(n, £)
lim —=,

I+ M
exists and is independent of £. Also, p is rational if and only if some power of
T has a fixed point; that is, there is a closed orbit on the torus.
The rotation number can be interpreted as the average rotation about
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the meridian for one trip around the parallel or the average slope of the line
in the (¢, 6)-plane which passes through the origin and the point (n, 6(n, £))
on the trajectory through (0, £).

Proor or THEOREM 2.1. The proof is in four parts.

(i) If p exists for a £, then it exists for every £ and is independent of ¢.
We need only consider 0 < ¢, £< 1 since 0(¢, £) satisfies (2.5). For 0 < ¢,
&< 1, relation (2.5) and the monotonicity of 6(¢, £) in ¢ imply that

and this gives the desired result.

(ii) p always exists. The following proof was communicated to the
author by M. Peixoto. From (i), we need only consider £ = 0. For any real ¢
there is an integer m such that 0 < § —m < 1 and thus (¢, 0) < 0(¢, £ —m)
< 6(¢, 1) and (2.5) implies

(¢, 0) < 0(¢, §) —m < 0($, 0) + 1.
If y=¢—m, then 0 <y <1, and this last relation implies 6(¢, 0) —
0(p, &) —E<6(¢, 0)+1 —1. Since 0 <y < 1, we have
0(¢,0) —1 < 0(¢, §) —£ < 6(¢, 0) +1
for all ¢, £. In particular, for any integer m,
(2.6) B(m, 0) —1 < B(m, §) — £ < O(m, 0) + 1.

From this relation, we have 6(2m, 0) = 0(m, 8(m, 0)) satisfies 20(m, 0) —
260(m, 0) —1 < 6(2m, 0) < 26(m, 0) + 1 < 20(m, 0) + 2.
By successively applying (2.6), we obtain

nf(m, 0) —n < 6(nm, 0) < nb(m, 0) +n
for all » 2 0, and
" nf(—m, 0) —n £ (—nm, 0) £ nf(—m, 0) +n

for all n 2 0. Thus,
b(nm, 0) 9(m, P
nm = |m]

for all n, m # 0: Interchanging the role of n, m, we have
O(nm, 0)  O(n, O)

nm n |= |n|
for all n, m 5 0. The triangle inequality imphes
O(n, 0) 0(m 0) 1
n = Inl Tl

and thus p exists with |p — 6(m, 0)/m| < 1/|m| for all m.
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We now give another proof.

The reader may go immediately to part (iii) of the proof of the theorem
if he so desires. The idea is best illustrated by another example. The slope of
a line L through the origin of the (¢, 8)-plane is uniquely determined by the
manner in which this line partitions the integer pairs (m, n). More specifically,
if Ry is the set of rationals n/m such that the pair (m, n) is below L and R,
the set of rationals such that (m, ») is above L, then one shows that all
rational numbers with the possible exception of one are included in Ry or
R;, Ry n R; = @, and therefore the cut defined by R and R; defines a real
number which is the slope of the line in question.

This same idea can be used to show that the rotation number p exists.
Let L(m, n) be the trajectory of (2.3) through the point (m, ») in the (¢, 6)-
plane and let L = L(0, 0). The curve L(m, n) is the same as L except for a
translation. We say L(m, n) is above L if (0, m. n) >0 and below L if
6(0, m, n) < 0, where 8(¢, m, n) is the solution of (2.3) with 8(m, m, n) =n.
It is clear from uniqueness that this is equivalent to saying that L(m, ») is
above (below) L if 8(¢, m, n) > 6(¢, 0, 0) (< 6(¢,0, 0)). If L(m, n) is above
L, then L(km, kn), k a positive integer, is also above L. In fact, L(2m, 2n)
is above L(m, n) since L goes to L(m, n) and L(m, n) goes to L(2m, 2n) by the
translation (m, »). An induction process gives the result. Applying the trans-
lation (—m, —n) to the same curves L and L(m, n), we see that L(—m, —n)
is below L and in general L(—km, —kn), k>0 is below L if L(m, n) is
above L. These remarks show there is no ambiguity to the classification of
Ry and R; as before. Namely, n/m belongs to Ro(R:) if L(m, n) is below
(above) L. The classes Ro and R, are nonempty because if n > 0 is sufficiently
large, then L(1, n) is above L and L(1, —n) is below L. If n/m is not in Ry,
and s/r > n/m, then s/r is in R;. In fact, L(rm, rn) is either above L or coin-
cides with L and L(rm, sm) is above L(rm, rn) since it is obtained from it by
the translation (0, sm — rn) and sm —rn > 0. Therefore L(rm, sm) is above
L which implies rm/sm = r[s belongs to R;. Similarly, if n/m is not in R; and
sfr < m/|n, then sfr is in Ro. Thus, all rational numbers .with possibly one
exception are included in Ry or in R; and Ro and R, define a real number p.

It remains to show that p is the rotation number defined in the theorem.
Suppose m is a given integer and let n be the largest integer such that n/m is
in Ro. Then n £ pm < n + 1 and every point of L(m, ») is below L and every
point of L(m, n + 1) is not below L. Therefore, since the points on L(m, n)

are (¢ + m, 6(¢, 0) + n), we have
8($, 0) +n < 8(¢+m, 0) < (¢, 0) +n+1.

In particular, for ¢ =0,
n<B(m,0) Zn+1,
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and

n

m P

IIA

+__

0(m, 0) _
P [m]

m

One can approximate p by a sequence of rationals n/m, |m| — co, such that
|p —n/m| < «[|m| for some constant «. Thus,

This clearly implies that p =1lim,p_o 6(m, 0)/m.

(iii) If some power of T has a fixed point, then p is rational. In fact, if
there is an integer m and a ¢ in [0, 1) such that T'm¢ = £, there is also an
integer k such that O(m, £) = € + k. Since p =limm|_,0 O(m, £)/m exists we
have

. O(nm, §) k
p=lim ——— = lim >—=—
In|»> nm |”|->°° nm m
and p is rational.

(iv) If p is rational, some power of T has a fixed point. Suppose p =
k/m, k, m integers, m >0, and T'™ has no fixed points. Then, for every ¢,
0< €1, 0(m, §) # €+ k. If we suppose O(m, £) > £ + kfor £ in [0, 1), then
there is an @ >0 such that O(m, §) —¢é —k=a >0, £ in [0, 1). For any {
n (—oo, o0), there are an integer p and a £ in [0, 1) such that { =p 4 £.
Relation (2.5) then implies O(m, {) —{ —k =a for all { in (—o0, o). A
repeated application of this inequality yields 8(rm, £) — ¢ = r(k + a) for any
integer r. Dividing by rm and letting » — co we have p = k/m + a/m which
is a contradiction. This completes the proof of the theorem.

CororLLarRY 2.1. Among the class of functions A(¢, ) which are
Lipschitzian in 6, the rotation number p = p(4) of (2.3) varies continuously
with 4; that is,for any £ > 0 and A4 there is a 6 > 0 such that |p(4) — p(B)| <
& if max,, o<, |4(¢$, 6) — B(¢, )] < 8.

Proor. If 4(¢, 0) and Og(¢, 0) designate the solutions of (2.3) for
A and B, respectively, z(¢) = 04(d, 0) — O0r(é, 0), and L is the Lipschitz
constant for A4; then

dz
@— A(g, 2($) + 05(¢, 0)) — A(¢, 05(¢, 0))]

—[B($, 058(¢, 0)) — A(¢, 05(¢, 0))],

and

d
Dyl || < Lle|+ sup |B(g, 6) — A4, 0)]
dé 0s¢,051
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for all ¢. Thus,
|04(¢, 0) — 0p(¢, 0)] < L-1eL? sup |B(¢, — A(p, 6V
0s¢,0s1

forall 2 0.

In the proof of part (ii) of Theorem 2.1, an estimate on the rate of ap-
proach of the sequence 8 ,(m, 0)/m to the rotation number p(A4) was obtained;
namely, |6 (m, 0)/m — p(4)| < 1/|m| for all m. Therefore,

8.4(m, 0
Ip(4) — p(B)| 5 | ptat) — 242D
| Batm. 0) — 5(m, 0>|+ Oxim, O)—p(B)I
m m
< 2 oA(m, 0)—93(’”1«, 0)
.—_:W m

for all integers m. For any & >0, choose |m| so large that 1/|m| < ¢/3. For
any such given but fixed m, choose & > 0 such that |§4(m, 0) — 6g(m, 0)] £ 1
if max; <y 4<; |4(¢, 6) — B(¢, 6)] < 8. This fact and the preceding.inequality
prove the result.

The conclusion of Corollary 2.1 actually is true without assuming A4(¢, 6)
is Lipschitzian in 8. The proof would use a strengthened version of Theorem
1.3.4 on the continuous dependence of solutions of differential equations on
the vector field when uniqueness of solutions is assumed. It is an interesting
exercise to prove these assertions.

THEOREM 2.2. If the rotation number p is rational, then every tra-
jectory of (2.3) on the torus is either a closed curve or approaches a closed
curve.

Proor. (Peixoto). Since p is rational, there exists a closed trajectory
y on J which intersects every meridian of . Therefore, 7 \y is topologically
equivalent to an annulus I'. The differential equation (2.3) on J'\y is equiv-
alent to a planar differential equation on I'. Since there are no equilibrium
points, the Poincaré-Bendixson Theorem, Theorem 1.2, yields the conclusion
of the theorem.

The remainder of this chapter is devoted to a discussion of the behavior
of the orbits of (2.3) when the rotation number p is irrational.

Let T': C —C be the mapping induced by (2.3) which takes the meridian
C of J into itself. For any P in C, let

DP)y={T"P,n=0, 41, £+2,...},
and D’(P) be the set of limit points of D(P). Also, let @ be the empty set.
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LemMa 2.1. Suppose p is irrational, m, n are given integers, P is a
given point in C and «, B are the closed arcs of C with « N 8 = {T™mP, TP},
a U B=C. Then D(Q) n a® # &, D(Q) n B0~ & for every Q in C, where
a0, B0 are the interiors of «, B respectively.

Proor. The set U § T*(m—n) 0 covers C. For, if not, the sequence
{T*(m-n)(TnP)} would approach a limit Py and T(m-n) Py = Py which, from
Theorem 2.1, contradicts the fact that p is irrational. Consequently, for any
@ in C, there is an integer p such that Q is in TP(m-ma0; that is, TP(n-mQ
is in «® and D(Q) N «® # @. The same argument applies to B.

THEOREM 2.3. If p is irrational, D'(P)=F is the same for all P,
TF = F and either

(i) F =0C (the ergodic case)
or

(ii) F is a nowhere dense perfect set.

Proor. If S belongs to D’(P), there is a sequence {P} = D(P) ap-
proaching S as k£ —oo. For any points Py, Py of this sequence and @ in C, it
follows from Lemma 2.1 that there is an integer nx such that 7@ belongs
to the shortest of the arcs «, 8 on C connecting these two points. Therefore
Tne @ —8 as k— oo and D'(P) < D'(Q). The argument is clearly the same to
obtain D’(Q) = D’(P) which proves the first statement of the theorem.

If @ is in F, then there is a sequence ng and a P such that 77 P —@ as
n — c0. This clearly implies 7'Q belongs to F and T'-1¢) belongs to F. There-
fore TF = F.

If R is an arbitrary element of F, then the fact that F = D’(Q) for every
@ implies for any @ € F there is a sequence of integers nj such that 7@ — R.
Therefore, the set of limit points of F is F itself and F is perfect.

Suppose F contains a closed arc y of C. Then y contains a closed subarc
o with endpoints 7P, T™P for some integers n, m and P in C. Therefore,
by Lemma 2.1, ()¢ T*a covers C and since T, T2, ... belong to F we have
F =C. This proves the theorem.

* Our next objective is to obtain sufficient conditions which will ensure
that T is ergodi"c; that is, the limit set F of the iterates of T is C.

Let P, =T7P,n=0, 41, +2, .... If p is irrational and « is any closed
arc of C with P as an endpoint, Lemma 2.1 implies there is an integer n
such that either P, or P_j, is the only point Py in the interior af of « for
|k| £ n. Since no power of T has a fixed point, for any N > 0, « can be chosen
so small that » = N. For definiteness, suppose P_, is in «0. Let Py P_,
denote the arc of C with endpoints Po, P-, and which also belongs to «. We
associate an orientation to this arc which is the same as the orientation of
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C. Also, let Py Py—pn, k=0,1,...,n—1, designate. the arc of C joining Py,
Py_p, which has the same orientation as C.

Lemma 2.2. The ares Py Py—n, k=0,1, ..., n —1, are disjoint.

Proor. TIf the assertion is not true, then there exists an # from the
set {—n, —m +1, ..., n—1}and a k from {0, 1, ..., n —1} such that P,
belongs to the interior P, PY_, of P, P,_,. Therefore, P,_, is in P, P°,
from the orientation preserving nature of powers of 7. This is impossible in
case —n < I — k <n from the choice of n. Suppose —2n+ 1 </ — k<-—n.
Since P, belongs to P, Py_,, it follows that P,,,P, and P, P, _, inter-
sect and, in particular, Py is in P, , P}. Thus P;_,_, is in Py P%  which
is impossible since 0 < k — ¢ —n << n. This proves the lemma.

THEOREM 2.4. Let (¢) =0(1, £), 0 < ¢ £ 1. If p is irrational and
possesses a continuous first derivative ' > 0 which is of bounded variation,
then T is ergodic.

Proor. Let & =yk(€), k=0, L1, ..., $O(§) = ¢, be recursively de-
fined by choosing ~1(£) as the unique solution of Y0(£) = P(h~1(€)). Then
TEP = (0, Y*(£)), P = (0, £). From the product rule for differentiation, we
have

duk k-1 A k-1 41
¢ (5) H*/’(fj), il f [H) ¢'(§f—k)]
]=

where ' (€) = dij( f) |d€. Suppose P and n are chosen as prior to Lemma 2.2.

Since Py Py, k=0, 1, ..., n —1, are disjoint we have
d¢n f) d(/, . n—1 , n—1 ,
|log( = ).— I g T1 w(6)) —1og( T 4610

n—1
= FO[Iog (&) —log ' (¢5-n)]
<V

where V is the total variation of log . This function has bounded variation
from the hypothesis on )’. Therefore,

B GY. G
=T4E dE =

uniformly on » and £.
Suppose « is any arc on C of length 8. If §x is the length of T%«, then

e+ a=[ (7 + ) it 22 (B ) ag 2 2 v

and, therefore, 6 + 8_x does not approach zero as k — .
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If C\F is not empty (that is, 7" is not ergodic), then take an open arc
« in C\F with end points in F. This can be done since F is nowhere dense
and perfect. Since TF = F and T preserves orientation, all of the arcs
Tk%a, k=0, +1, ... are in C\F. Also T*a N Tia = &, k #j, since the end
points of these arcs are in F and if one coincided with another the end points
would correspond to a fixed point of a power of T'. Therefore, compactness of
C yields 8; + 6—x —0 as k— oco. This contradiction implies C\F is empty
and proves the theorem.

Remark. The smoothness assumptions on i in Theorem 2.4 are satisfied
if A(¢, 8) in (2.3) has continuous first and second partial derivatives with
respect to 6. In fact, Theorem 1.3.3 and exercise 1.3.2. imply that '(£), ¢”"(€)
are continuous and, in particular, ’(£) is of bounded variation for 0 < § < 1.
Also, this same theorem states that 96(¢, £)/0¢ is a solution of the scalar
equation

dy 04(¢, 6)
t_i; =70 ¥

with initial value 1 at ¢ =0. Thus, §'(§) = 20(1, £)/9f >0,0 < £ < 1.

Denjoy [1] has shown by means of an example that Theorem 2.4 is false
if the smoothness conditions on i are relaxed.

There is no known way to determine the explicit dependence of the
rotation number p of (2.3) on the function A(¢, 8), and, thus, in particular, to
assert whether or not p is irrational. However, the result of Denjoy was the
first striking example of the importance of smoothness in differential equa-
tions to eliminate unwanted pathological behavior.

Suppose the notation is the same as in Theorem 2.4 and the proof of
Theorem 2.4.

Lemma 2.3. If p is irrational and £ is a fixed real number, then the
function g(§n + m) =np + m, £n =(£), n, m integers, is an increasing func-
tion on the sequence of real numbers {£, + m}.

ProoF. - Throughout this proof, n, m, r, s will denote integers. The order
of the elements in {£, 4+ m} does not depend upon ¢; that is, £, +m < &+ s
implies {n +m < {r+s for any {. This is equivalent to saying that
&n — ér < s —mimplies {n — {r < s —m for any . If this were not true, there
would be an 7 such that %, —, is an integer which in turn implies some
power of T has a fixed point, contradicting the fact that p is irrational. It
suffices therefore to choose £ =0.

Recall that ™(0) = 8(m, 0). If p < 6(m, 0) < r, then a repeated applica-
tion of (2.6) yields

f(m, 0) + (k —1)p < 6(km, 0) < O(m, 0) + (k —1)r,
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for any k > 0. Thus,

8(m, 0) 1 8(km, 0) _ B(m, 0) 1
k +(I_Tc)p§m bm =k +(1_Z)T'

Taking the limit as k— oo, we obtain p < mp < r. Since p is irrational,
p<mp<r.

Now suppose 8(n, 0) + m < 0(r, 0) + s, that is, 6(n, m) < 6(r, s). Then
0(n —r, m)< 6(0, s) or B(n —r, 0) + m < s. From the preceding paragraph,
this implies p(n —r) <s —m, or pn + m < pr + s, which was to be proved.

TeEOREM 2.5. If T is ergodic with (irrational) rotation number p, then
T is topologically equivalent to a rotation of the circle C by an angle 2mp;
that is, there is 8 homeomorphism @ of C onto C such that GT = RG where R
is the rotation of C through the angle 2mp.

ProoF. Let g be the increasing function defined in Lemma 2.3, 4 =
{np + m}, B= {£{n+ m}, n, m integers. Since T is ergodic, B is dense on the
real numbers and since p is irrational, 4 is also dense on the real numbers.
The function g is continuous from B to A. Since B is dense, g has a unique
continuous increasing extension to all of the reals. We again designate this
function by g.

If y = £&n +m, g(n) =np + m, then
27 g+ 1) =mnp+m+1=g(n+1,

g(h(n)) = g((én + m)) =g(Y(€n) + m) =g(£n+1 + m)
=(n+1)p+m=g(n) +p.

Since B is dense and g is continuous, it follows that g(n +1) =g(n) +1,
g(P(n)) =g(n) + p for all real 4. The homeomorphism G: C —C is defined by

G(n) =g(n), 0 £ n < 1. The relation g((n)) =g(n) + p implies that GT = RG
and the theorem is proved.

TaEOREM 2.6. (Bohl). If T is ergodic, there exists a function w(y, 2)
which is continuous in y, z and

wy+l2)=wy 2+1)=wy, 2
for all y,z such that every solution 6 of (2.3) satisfies
(2.8) 0(¢)=pd + ¢ + w(d, pd + ¢),

where ¢ is a constant and p is the rotation number. Conversely, for any
constant ¢, 6(¢) given in (2.8) satisfies (2.3). Each ¢ in [0, 1) corresponds to a
unique 6(0) (mod 1).

Proor. Let £ be any real number and 6(¢, £) be the solution of (2.3)
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with 6(0, £) = £&. We know that

0(¢’ §+ 1) =0(¢’ f) +1,
0(¢ +1, ) = 0(¢, $(£)),

where as before Y(£) = 6(1, £). Let g be the function given in the proof of
Theorem 2.5 and let & denote the inverse of g. From the properties (2.7) of
g, we have

k(e +1) =h(c) +1,
P(h(c) =h(c+ p).
If (¢, c) = 6(¢, h(c)), then
b(¢, c+1) =0(¢, h(c+ 1)) =0(¢; h(c) +1) = 0($, h(c)) + 1 =8(¢, ¢) + 1,
and

8¢ +1, 0) =0(¢+1, h(c)) = 0(¢, Y(h(c))) = 0($, hic+ p)) = b(8, ¢+ p).

If w(y, z) =0(y, 2 — py) — 2 for all real y, z, then one easily observes that
w(y, 2+ 1) =w(y + 1, 2) = w(y, 2). Therefore,

01, (o)) = 0, ©) = pg + o+ wld, p+ ),
which proves the theorem.

ExEercise 2.1. All functions below are continuous, periodic in 0, ¢
of period 1 and smooth enough to ensure a unique solution of the equations
for any initial values.

(a) What is the rotation number of df/d¢$ = sin 270?

(b) If |g(6)] <1, 0 <0 <1, what is the rotation number of df/d$ =

sin 270 + g(0)?

(c) Using the Poincaré-Bendixson theorem, prove that the rotation
number of df/d¢ =sin 270 + eg(f, ¢) is rational if |e| is small
enough.

(d) Use the Brouwer fixed point theorem and the construction used in
part (c) to show that the rotation number of the equation in (c)
is zero if |¢| is small enough.

ExERcISE 2.2. Suppose w is irrational. For any & >0, show there
exists a function g(f, ¢) continuous in 8, ¢ of period 1 such that max{|g(8, ¢)|,
0 £ 0, $ £1} < ¢ and the rotation number of d8/d¢ = w + g(, ¢) is rational
and not all orbits are closed on the torus. Hint: Choose sequences of integers
{px}, {qx}, qx — © as k— oo such that |w — pi/qr| < y/q? for some constant
y and consider g(6, ¢) =a sin 27(b + c$) for appropriate constants a, b, c.
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ExEercisE 2.3. In Exercise 2.1, arbitrarily small changes in the vector
field did not change the rotation number, whereas in Exercise 2.2, an appropri-
ate small change in the vector field did change this number. Can you explain
why this is so? Can you give a general result for equation (2.3) which will
exhibit the same properties relative to the rotation number as Exercises
2.1 and 2.2? What would you say is the most typical behavior among all
vector fields (2.3)?

ExEercise 24. (a) For any continuous function f(¢) of period 1,
show that the equation df/d¢ =270 + f(¢) has a unique periodic solution

of period 1. (Hint: Look at f : e27(8=9)f (s) ds).

(b) Designate this unique solution by Kf. If P is the Banach space of
continuous periodic functions of period 1 with the topology of uniform con-
vergence, show that K: P — P is continuous and linear.

(c) Suppose g(8, ¢) has period 1 in 6, ¢, is continuous in 8, ¢ and
lipschitzian in 8. Using the contraction principle and part (b), show there is
an g >0 such that the equation df/d¢ =270+ (sin 270 — 2n0) + eg(0, )
has a solution which is periodic in ¢ of period 1 if |e| < &o.

I1.3. Remarks and Suggestions for Further Study

For many more details on the general theory of two dimensional systems,
see Hartman [1], Lefschetz [1], Sansone and Conti [1]. The book of Sansone
and Conti [1] also contains a wealth of applications of the Poincaré-Bendixson
theory to the existence of periodic solutions of a second order autonomous
equation. Finding periodic solutions of nonautonomous equations by exten-
sions of the ideas in Exercises 1.4 and 1.5 can be found, for example, in
Cartwright [1], Levinson [1], Lefschetz [1], Sansone and Conti[1]. An interest-
ing discussion of the global stability of the origin in the plane is given by
Olech [1]. '

One result obtained for two dimensional systems in the plane was that
the only compact minimal sets are points and closed curves. For a singularity
free ““smooth”’ vector field on the torus, the only minimal sets on the torus
are closed curves and the torus itself. An outstanding problem for many years
was the characterization of the minimal sets of “smooth ” vector fields on an
arbitrary compact two dimensional manifold. This problem was solved by
Schwartz [1] when he proved that the only possible minimal sets are points,
closed curves and a torus, the latter being possible only when the manifold
is itself a torus.

It is difficult to pose questions in #» dimensions with answers as elegant
as the ones given in this chapter. One problem that has been studied in
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considerable detail arises from a more careful study of Theorems 2.5 and 2.6.
Consider a differential equation on an n-dimensional torus

&= f(z)

where x = (z1, ..., @), f(21, ..., z4) is periodic in each variable of period 1.
Problem: When does there exist a transformation of variables x = g(y) such
that the new equation for y is ¥ = w where w is a constant n-vector? If such
a transformation exists, then the resulting flow is easy to analyze and one has
a generalization of Theorem 2.6. For f(x) = w + ¢h(x) where ¢ is small and
o belonging to a certain class of irrationals, some results along this line
are available (see Arnol’d [1]). The techniques of proof are currently the most
important tools in the study of stability in celestial mechanics (see Kol-
mogorov [1], Arnol’d [2], Moser [1]).

In Section 1, the van der Pol equation (1.7) was discussed when the
parameter k was large. In the coordinates described by (1.8), it becomes clear
that the asymptotically stable periodic orbit has the property that the system
moves along its orbit at a reasonable pace as long as it remains close to a given
curve and then moves at a very rapid pace away from this curve. Such
relaxation oscillations are very important in the applications and the reader
may consult van der Pol [1, 2], LaSalle [1], Minorsky [1], Pontryagin and
Mishchenko [1].



CHAPTER III

Linear Systems and Linearization

In the previous chapter, much information concerning the qualitative
behavior of solutions of two dimensional autonomous systems was obtained
without using any particular properties of the vector field. In higher dimen-
sions and even in two dimensions when more specific information is desired,
one must resort to techniques which are more analytical in nature and yield
information only in a neighborhood of some solution or an invariant set of
solutions.

If ¢(t) is a solution of

D & = f(x),
where f has continuous first derivatives, then x = ¢(t) + y in (1) implies
@) g=Aty +9(t y)

where A(t) = of (¢(¢))/0x and g(t, 0) = 0, dg(t, 0)/oy = 0. It is quite natural to
study the linear equation

3) i =A@,

and to inquire about the relationship between the solution z of (3) and the
solution y of (2) in a neighborhood of y =0. More specifically, is the linear
equation (3) a good ‘““approximation’ to equation (2) near y =0? Some
questions of this type are considered in this chapter.

More precisely, the theory of general linear systems is given in Section 1
with Section 2 being devoted to characterizations of the concepts of stability
for linear systems and the preservation of these stability properties for
special perturbations of a linear system. Section 3 is a specialization of the
general theory to nt® order equations. In Section 4, the fundamental solution
of linear autonomous systems is characterized in terms of the elementary
functions with the phase portrait of the two dimensional systems ﬁlscussed
in Section 5. Section 6 is devoted to an autonomous equation (2) with no
eigenvalue of 4 on the imaginary axis. It is shown in this section that many of
the qualitative properties of the solutions of the linear and nonlinear equation

78
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are the same near y = 0. Section 7 gives the theory of linear equations with
periodic coefficients with the Floquet representation included. Sections 8, 9
and 10 are devoted to stability theory for special classes of linear equations
with periodic coefficients.

III.1. General Linear Systems
Consider the linear system of n first order equations
n
(1.1) Zj =Zajk(t)xk+hj(t), =12 ... n,
=1

where the a;x and &; for j, k=1, 2, ..., n are continuous real or complex
valued functions on the interval (—o0, 4 c0). In matrix notation, equation
(1.1) can be written in more compact form as

1.2) & = A(t)x + h(t)
where 4 = (asx), j, k=1,2, ..., n; h=col(hy, ..., hy,)| The basic chara.cter-i

istic property of linear systems of the form (1.2) is the |Principle of Super-
_position] If z is a solution of (1.2) corresponding to the * forcing function” or
“input” k and y is a solution corresponding to g then cx + dy is a solution

corresponding to the forcing or input function ck + dg for any real or complex
numbers ¢ and d.

This principle is verified by direct computation.

In particular, if c =—d =1, h =g, then z and y being solutions of (1.2)
corresponding to the forcing function % implies that x — y is a solution of the
homogeneous equation

(1.3) & = A(t).

If ¢(t, c) is a general solution of the homogeneous equation (1.3) and z,(¢)
is any particular solution of (1.2), then this latter property states that any
solution of (1.2) is of the form ¢(¢, ¢) +z(t) for some c. Below, we describe
theoretically how to obtain the general solution of (1.3) and then show that a
particular solution of (1.2) can be found from the knowledge of the general
solution of (1.3).and a quadrature.

From the properties of the coefficient matrix 4 and the forcing function
h in (1.2), the basic existence and uniqueness theorem in Chapter I implies
that the initial value problem for (1.2) has a unique solution which exists on
an interval containing the initial time. Theorem 1.6.2 also asserts that every
solution of (1.2) exists on the infinite interval (—oo, + o). -

A set of vectors zl, ..., zm are said to be linearly independent if
Y *_1 ¢ =0 for any complex constants ¢; implies ¢; =0 for j=1, ..., n.
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The vectors 1, . .., " are said to be linearly dependent if they are not linearly
independent. The proof of the following lemma is left as an exercise.

LemMa 1.1. The vectors z1, ..., z" are linearly independent if and
only if det[«!, ..., 7] #0.

An n X n matrix X(t), t >0, is said to be an n X n matriz solution of
(1.3) if each column of X(t) satisfies (1.3). A fundamental matriz solution
of (1.3) is an » X n matrix solution X(¢) of (1.3) such that det X(¢) 0. A
principal matriz solution of (1.3) at initial time ¢ is a fundamental matrix
solution such that X(to) = I, the identity matrix. The principal matrix solu-
tion at to will be designated by X(¢, o).

From the above definition of a fundamental matrix solution it is clear
that a fundamental matrix solution is simply a matrix solution of (1.3) such
that the » columns of X(¢) are linearly independent. An elementary but useful
property of a matrix solution of (1.3) is

LemMa 1.2. If X(¢) is an »n X » matrix solution of (1.3), then either
det X (t) # 0 for all ¢ or det X(¢) =0 for all £.

Proor. If there exists a real number 7 such that the matrix X(7) is
singular, then there exists a nonzero vector ¢ such that X(r)c =0. For this
vector ¢, linearity of (1.3) implies the function z(t) = X(f)c is a solution of
(1.3). Since the function x = 0 is obviously a solution of the equation, unique-
ness implies X(¢)c =0 for all ¢ in (—o0, o0) and thus det X(t) =0 for all ¢
in (—oo, 00). This proves the lemma.

CororLLARY 1.1. If X, is an # X n nonsingular matrix and if X(¢) is
the matrix solution of (1.3) with X(0) = X, then X(¢#) is a fundamental
matrix solution of (1.3).

Corollary 1.1 shows that the determination of a fundamental matrix
solution consists only of selecting » linearly independent initial vectors and -
finding the corresponding » linearly independent solutions of the system
(1.3). The fact that the matrix X(¢) is nonsingular for all ¢ yields the following
important

Lemma 1.3. If X(t) is any fundamental matrix solution of (1.3), then
a general solution of (1.3) is X(t)c where c is an arbitrary » vector.

Proor. It is clear that the function z(t) = X(f)c is a solution of (1.3)
for any constant n-vector c. Furthermore, if to and zg are given, then X(t)c,
¢ = X~Y(tp)xo, is the solution of (1.3) which passes through the point (o, o).

LeEMMa 1.4.] If X(t) is a fundamental matrix solution of (1.3), tében the |
matrix X-1(t) is a fundamental matrix solution of the adjoint equqt’éon

(1.4) g =—yA(t)
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where y is a row n-vector; that is, each row of X-1 satisfies (1.4) and
det X-1(¢) # 0.

Proor. Let Y(t) = X-1(t). Since YX = I, the identity, it follows that
YX 4+ YAX =0. Since X is non-singular this implies that ¥ =X-1 is a
matrix solution of the adjoint equation (1.4). This is equivalent to saying that
each row of the matrix X1 is a solution of (1.4). X-1is obviously nonsingular.

‘ [ TaEorEM 1.1] If X is a fundamental matrix solution of (1.3) then every
solution of (1.2) is given by formula

(1.5) (t) = X(t) [X—l(f)z(f) + f X-1(s)h(s) ds]

for any real number 7 in (—oo, 4 00).

Formula (1.5) is referred to as the{variation of constants tormulalfor

(1.2). The reason for this is clear since it implies that every solution has the
form X (t)c(t) where c(t) is the function given in the brackets in (1.5). This is
the same form as the general solution of (1.3) given by Lemma 1.3 except that
the vector ¢ now depends upon the independent variable .

Proor or THEOREM 1.1. If we rewrite equation (1.2) as & — Az =h
and use the fact that X-1 is a matrix solution of the adjoint equation (1.4),
then equation (1.2) is equivalent to

d
— [X3(s)a(s)] = X-Ha)h(o).
Integrating this expression from 7 to ¢t for any real numbers r and ¢,
we obtain
¢
X-1(t)a(t) — X-Y(r)2(r) = J' X-1(s)h(s) ds.
A rearrangement of the terms in this expression yields equation (1.5) and the
theorem is proved.
We give another proof of this theorem. Since X(t) is nonsingular for
each ¢, it follows that the transformation of variables z = X(t)y defines a

homeomorphism of R” into R for each ¢. If this transformation is applied
to (1.2), then by Lemma 1.4,

j= % [X-12] = X-Y(Az + h) — X-'Az = X-1h.

This implies that
¢
y() =X(ma(r) + [ X-1(s)h(3)
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since y(7) = X-1(r)x(r). The formula =z(t) = X(t)y(t) yields relation (1.5).
If for any given 7 in (—o0, ), we let X(¢, 7), X(7, 7) = I, designate the

principal matrix solution of (1.3) at =, then

(1.6) X(¢, 7) =X(8, 8)X(s, 7)

for all ¢, 7, s. In fact, considered as functions of #, both sides of this relation
satisfy (1.3) and coincide for ¢ = s. Uniqueness yields the result. This formula
leads to a simplification of the variation of constants formula; namely

(1.7) a(t) = X (¢, r)a(r) + f X(t, s)h(s) ds.

| Lemma 1.5.] If X(¢) is an 2 X n matrix solution of (1.3), then

(1.8) det X(t) =[det X(¢o)] exp( f tr A(s) ds)
to

for all ¢, £ in (— 00, 00), where tr 4 is the sum of the diagonal elements of 4.

The proof is easily supplied by showing that det X(¢) satisfies the scalar
equation z =[tr 4(t)]z and is left as an éxercise for the reader.

The above theory is valid for linear systems with A(%), k(t) integrable in ¢.
If the elements of the matrix A(¢) and the components of A(t) are only
Lebesgue integrable on every compact subset of R, then the results of Section
1.5 imply that the initial value problem for (1.2) has a unique solution. If
z(t) = x(t, to, zo), z(to, to, o) = %o, is a solution of (1.2) then

¢
j2(t)] < [zo] + f: he) do+ [ |4Go) [a(o) ds, 210,

a8 long as z(t) is defined. The generalized Gronwall inequality (Lemma
1.6.2 and an integration by parts implies

lx@®| < (expﬁt |A(r§)|ds)lilxol + J;:Ih(s)lds:l

for all t = to for which z(t) is defined. The continuation theorem implies x(t)
is defined for ¢ = 9. Replacing ¢ by tp — % and using similar estimates one
obtains existence of z(t,fo , zo) for ¢t < t9. The general structure of the solutions
of the homogeneous equation (1.3) and the variation of constants formula
are proved exactly as before.

We also need some estimates on the dependence of the solutions of
(1.2) on the right hand side of the differential equation. Suppose 4, B are
n X n integrable matrix functions and &, g are n-vector integrable functions
on compact subsets of R and consider the equations

(1.9) (8) &=A(t)z+ (),
(b) y=B(t)y+g().
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If x, y are solutions of (1.9a), (1.9b) respectively, then z — y satisfies
the equation
2=4d24+(A—By+h—yg.
Thus,

t
|2(t) — y()] < |2(to) — y(to)] + L [4(s)| |(s) — y(s)| + |A(s) — B(s)| |y(s)]

+ |h(s) —g(s)|1ds, t=to.

Using the generalized Gronwall inequality (Lemma 1.6.2), we have

t
(L10)  [alt) — y(0) g(exp [ 14 «zs)lxao) —y(to)

. :
+J; (eprJIA(u)l du)[lA(S) — B(s)| [y(s)]

+ |A(s) —g(s)[] ds.

In particular, if X 4(¢, to), XA(te'to) = I, Xpg(t, to), Xg(to, to) =1, are
fundamental matrix solutions of £ = A(t)z, y = B(t)y, respectively, then

¢
(L11) | X 4(2, to) — X B(2, to)| étsuP | X B(u, to)l(expf |4(s)| ds)
t to

osSu<
¢

X f |A(s) — B(s)| ds,
to

for all ¢ = tp. Relation (1.11) implies that the principal matrix solution of

Z-= Ax is a continuous function of the integrable matrix functions 4 defined
. ¢

on [0, £] with |4 = fo |A(s)| ds.

When a linear differential equation contains general time varying
coefficients, the remarks in this section essentially comprise the theory
concerning the specific structure of the solutions. For special equations,
much more detailed information is available. For equations with constant or
periodic coefficients, the general structure of the solutions is known and
discussed in Sections 4 and 7.

II1.2. Stability of Linear and Perturbed Linear Systems

In this section, characterizations of stability for linear systems are given
and the results applied to stability of perturbed linear systems. We first
remark that the stability of any solution of homogeneous linear equation is.
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determined by the stability of the zero solution. Therefore, for linear systems,
it is'permissible to say system (1.3) is stable, uniformly stable, etc.

| TaEoREM 2.1.] Let X(f) be a fundamental matrix solution of (1.3) and

let B be any number in (—oo, o). The system (1.3) is

(i) for any tp in (—oo, oo) if and only if there is a K = K () >0
such that
(2.1) |X@®)| <K, tost<oo;

(ii) | uniformly stable|for to > B if and only if there is a K =K(8) >0
such that

(2.2) IXOX1)| S K, tossst<oo;

(iii) | asymptotically stable|for any ¢ in (— o0, o0) if and only if

(2.3) |X®)|—~0  ast— oo;

(iv)] uniformly asymptotically stable|for ¢, = B if and only if it is
exponentially asymptotically stable; that is, there are K =K(B) >0, a =
«(B) > 0 such that

(2.4) |X($)X-1(s)| < Ke-at-, B<s<t< oo.

Proor. (i) Suppose tyis any given real number in (— o0, o0) and (2.1)
holds. Any solution x() satisfies x(t) = X(t)X~1(to)x(to). Let |X—1(to)| = L.
Then |z(t)] < KL|z(to)| < € if |x(to)] < ¢/KL and the zero solution of (1.3)
is stable. Conversely, if for any ¢ >0 there is a § = 8(¢, 9) >0 such that
| X ()X 1(to)x(to)| << € for |2(to)| < 8, then

1X(@O)X1(0)| =S | X (6)X~2(to)é]
él<

= sup |X(£)X1(to)d1x(to)| < €81
12(to)} <8
for t = ty. This proves (i).

(i) If (2.2) is satisfied, then x(t) = X ()X -1(to)x(to) for any to = B and
|z(t)] < K |z(to)] < &, t = 7, if |x(to)] < ¢/K which is uniform stability. The
converse follows as in (i) with the observation that § is independent of ¢g.

(iii) If (2.3) is satisfied, then for any fy in (—o0, c0) there is a
K = K(to) such that |X(¢)| < K, t = to and (i) implies stability. Since x(t) =
X (t)XL(to)x(to) we have |z(t)] -0 as t — 00. The converse is trivial.

(iv) If (2.4)is satisfied, then (1.3) is uniformly stable from (ii). Suppose
|#(to)] < 1. For any n >0, 0 <7 <K, let T = —a~1log(n/K). Then

|2(8)] = | X ()X ~L(to)a(to)| < Ke~att-to)|(to)| < 7,
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ift 2 to+ T, to = B; that is, uniform asymptotic stability of the zero solution
of (1.3).

Conversely, suppose the solution x =0 is uniformly asymptotically
stable for ¢o = B. There is a b >0 such that for any 7, 0 <7 <b, there is
a T = T(n) > 0 such that

(2.5) | X(OX-Yto)z(to)] <n  for t2to+ T,

and all £ = B, |#(to)] < b. Thus, | X ()X -1(to)| <nb-1for t 2o+ T, to = B.
In particular,

(2.6) |X(¢+ D)X <npl<1, t2B.

Since the solution z = 0 is uniformly stable, we have from (ii) that there is
an M = M(B) such that | X(¢)X-1(s)] < M, B < s £t < o0. Suppose
o = —T-1log(nb-1),
K = MeoT.
Foranyt > to, thereis an integer k = Osuch that k7 <t —to < (k+ 1)T.
Thus, using (2.6),
|XOX-1(t0)] < [X(OXYto + £T)] - | X(to + kT)X-1(to)

< M - |X(fo + kT)X-(to)

< M(np1)| X(to + (k — 1)T)X1(to)|

< M(yb1)k = Me—okT

=Ke—a(k+l)T é Ke—tx(t—to)‘

This proves (iv) and Theorem 2.1.

Using the variation of constants formula and Gronwall’s inequality
(Corollary 1.6.6), it is very easy to obtain the following stability results for
perturbed linear systems.

THEOREM 2.2. Suppose f is given in (—oo, o) and the system (1.3) is
uniformly stable for ¢p = 8. If the n X n continuous matrix function B(t)

satisfies J.: | B(t)| dt < oo, then the system

(2.7) & =[A(t) + B(t)]x
is uniformly stable.

Proor. If X(t) is a fundamental matrix solution of (1.3), then the
variation of constants formula implies that any solution of (2.7) has the form

(2.8) a(t) = X (¢) X~ (to)x(to) + J; t X(6)X-(s)B(s)x(s) ds,
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for all ¢, o in (— o0, 00). If tp = B, then Theorem 2.1 implies there is a constant
K = K(B) such that | X(£)X~1(to)] < K for all ¢ = ¢p. Consequently,

¢
(2(t)| < K |a(to)] + f K|B(s) |- |=(s)| ds, t=to.
to
Gronwall’s inequality implies

lz(t)] < K(exp K J:IB(S)I ds)|x(to)|, t=1to.

This clearly implies uniform stability of (2.7) and the theorem.

THEOREM 2.3. Suppose B is given in (—oo, o) and system (1.3) is
uniformly asymptotically stable for ¢o = B. If the n X n continuous matrix
function B(t) satisfies

¢
(2.9) [1BOdssyt—t)+r, tztozp
to
for some constants = =7(f), ‘-y=‘y(B), then there is an r >0 such that

system (2.7) is uniformly asymptotically stable if y <r.

Proor. If X(t) is a fundamental matrix solution of (1.3) and (1.3) is
uniformly asymptotically stable for ¢, = B, then Theorem 2.1 implies there
are constants K = K(B) >0, a = «(B) >0 such that (2.4) is satisfied. Using
(2.8), one observes that the solution z(t) of (2.7) satisfies

|2(t)] < Ke-at=t|a(to)| + K J't t e-a(t-9)| B(s)| - |a(s)| ds,  t=to.
If 2(t) = ext|x(t)|, this inequality implies
2(t) < Ka(to) + ft 1K|B(s)|z(s) ds, t>to.
An application of Gronwall’s inequality and (2.9) yield
2(t) < K(exp K f :olB(s)| ds)z(to) < K1eKvi-tog(ty), K; = KeKr,
which in turn implies |z(t)] £ K1|z(to)] exp[—(x — Ky)(t —to)], t = to. If

r=aK-1 and y <r, then system (2.7) is uniformly asymptotically stable
and the theorem is proved.

THEOREM 2.4, Suppose B is given in (—o0, o) and system (1.3) is
uniformly asymptotically stable for to = 8. If f(¢, x) is continuous for (¢, z)
in R X R® and for any &€ >0, there is a ¢ >0 such that

(2.10) |f(t, )| <éelx|] for |z| <o, tinR,
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then the solution x =0 of
(2.11) & =A(t)r + f(t, 2)
is uniformly asymptotically stable for o > B.

Proor. The hypothesis of uniform asymptotic stability for ¢o = B of
the system (1.3) implies there are constants K =K(B) >0, a =a(f) >0
such that (2.4) is satisfied. Any solution z of (2.11) satisfies

t
(2.12) (t) = X (8)X~1(to)x(to) + ft X(®)X1(s)f (s, 2(s)) ds.

Choose ¢ so that eK < « and let o be chosen so that (2.10) is satisfied. For
those values of ¢ 2 o for which z(t) satisfies |z()| < o, we have

t
|2(t)| < Ke—x(t—ta)|a(to)| + f eKe~at=9)|z(s)| ds.
to

Proceeding exactly as in the proof of the previous theorem, we obtain
(2.13) |z(t)| £ K |2(to)| e~(@—eK) t—to)

for all values of ¢ 2 ¢ for which |z(t)| < o. Since « — ¢K >0, this inequality
implies |z(t)] < o for all t =ty as long as |z(to)] < o/K. Consequently (2.13)
holds for all ¢ > to provided |z(to)] <o/K. Relation (2.13) clearly implies
uniform asymptotic stability of the solution # = 0 and the theorem is proved.

Theorem 2.4 is a generalization of the famous theorem of Lyapunov
on stability with respect to the first approximation. The reason for the
terminology is the following: Suppose g: R7+l1 — R% is continuous, g(¢, x)
has continuous first partial derivatives with respect to # and g(¢, 0) =0 for
all ¢t. If A(t)x =[0g(¢, 0)/ox]x and f(¢, x) =g(t, x) — A(t)z, then f(¢, 0) =0,
9f(t,x)/9x approaches zero as x approaches zero uniformly in ¢ and the condi-
tions of Theorem 2.4 are satisfied. The function A(f)x is clearly the linear
approximation to the right hand side of the eqatuion x = g(¢,x).

There are many more results available on stability of perturbed linear
systems and clearly many variants that could be obtained by abstracting the
essential elements of the proofs given above. The exercises at the end of this
section indicate some of the possibilities.

In spite of the fact that the proofs of the above theorems are extremely
simple and the results are not surprising to the intuition, extreme care must
be exercised in treating arbitrary perturbed linear systems.

The example % — 2¢~1% + u =0 has a fundamental system of solutions
sin t —¢t cos t, cos t + ¢ sin ¢ and is therefore unstable. This equation can be
considered as a perturbation of the uniformly stable system % + » = 0.

The following example is an equation (1.3) which is asymptotically
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stable, but not uniformly, and system (2.7) is unstable for an appropriate
B(t) such that fw | B(s)| ds << 00 and | B(t)| —0 as t — 0o0. Consider the system
(1.3) with

—a Y
(2.14) A(t) = [ 0 sinlog ¢ + cos log ¢ —2“]’

and 1 <2a <1 + e7#. The solutions of (1.3) are

z1(t) = ¢1 exp(—at),
Za(t) = ¢ exp(t sin log ¢ — 2at),

where c;, ¢z are arbitrary constants. For any c;, cz2, #1(t), 2(t) >0 as t — oo
exponentially. If B(t) is defined by

B(t) = [ef’at g]

then .ro | B(s)| ds << oo and | B(t)| —0 as t — 00. The solutions of the perturbed
equation (2.7) with initial time £y = 0 are

x1(t) = c1 exp(—at),

¢
xo(t) = [62 -} le exp(—s sin log s) ds] exp(t sin log ¢ — 2at).
0

If o is chosen so that 0 <o < /2, t, =exp[(2n — 1/2)7], n =1, 2, ..., then
sin log s £ —cos « for ¢, < s £ t, e Hence,

tne™ Lne*
f exp(—s sin log s) ds > f exp(—s sin log s) ds
0 tn

tne®
= f exp(s cos a) ds
tn

>tn(e® — 1) exp(ty cos o).
Choose ¢z =0, ¢; =1. Since sin log(¢,e?) =1, we have
|z2(tne®)| = tn(e* — 1) exp(bty),

where b = (1 — 2a)e® + cos «. If we choose a s0 that b > 0, then |za(t, e7)| — 0
as n — oo and the system is unstable.

ExERcisE 2.1.  Suppose there is a constant K such that a fundamental
matrix solution X of the real system (1.3) satisfies | X(t)] < K, ¢t = B and
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t
lim inff tr A(s) ds > —o0.
8

t—> o0

Prove that X-1 is bounded on [B, ) and no nontrivial solution of (1.3)
approaches zero as t — c0.

ExEercisE 2.2. Suppose A satisfies the conditions in Exercise 2.1 and
B(t) is a continuous real » X » matrix for ¢ > 8 with J.: |A(#) — B(#)| < o0.

Prove that every solution of y = B(t)y is bounded on [, o). For any solu-
tion z of (1.3), prove there is a unique solution y of y = B(t)y such that
yY(t) — x(t) >0 as t - oo.

ExErcise 2.3.  Suppose system (1.3)is uniformly asymptotically stable,
[ satisfies the conditions of Theorem 2.4 and b(t) -0 as t — c0. Prove there is
a T > B such that any solution z(t) of

& =A(t)x+f (¢, =)+ b(t)
approaches zero as ¢ — oo if |#(7')| is small enough.

ExERCISE 2.4. Generalize the result of Exercise 2.3 with b(¢) replaced
by g(t, ) where g(t, ) —0 as ¢ — co uniformly for z in compact sets.

ExEercise 2.5. Suppose there exists a continuous function c(¢) such that
t+

, ! ¢(s) ds <y, t 2 B, for some constant y =y(B) and f: R#+1—R% is con-

tinuous with |f(t, )| < ¢(t)|z|. Prove there is a constant » > 0 such that the
solution z =0 of (2.11) is uniformly asymptotically stable if y <r.

ExERCISE 2.6. Generalize Exercises 2.3 and 2.4 with f satisfying the
conditions of Exercise 2.5.

II1.3. ntt Order Scalar Equations

Due to the frequency of occurrence of nth order scalar equations in the
applications, it is worthwhile to transform the information obtained in
Section 1 to equations of this type. Suppose y is a scalar, a3, ..., a5 and g are
continuous real or complex valued functions on (—o0, + c0) and consider the
equation

(3.1) Dy + ay(t)Dnly + - - - + an(t)y = g(b),

where D represents the operation of differentiation with respect to ¢. The
function D2y is the second derivative of y with respect to ¢, and so forth.
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Equation (3.1) is equivalent to

(3.2) (t=Ax+h

y 0 1 0 e 0 0

Dy 0 0 1 v 0 0

e=| | 4= : h=]:|
Dn-2y 0 0 0 ST | 0
Dn-ly —@n —Gp-1 —Gp-2 " —O1 g

From this representation of (3.1), a solution of (3.2) is a column vector
of dimension n, but the (j + 1)t® component of the solution vector is obtained
by differentiation of the first component j times with respect to ¢ and this
first component must be a solution of (3.1). Consequently, any n X n matrix
solution [£1, ..., £7], &/ an n-vector, of (3.2) must satisfy &/ = col(¢;, Ddy,
..., Dn=1¢;) where ¢/, j =1,2, ..., n, is a solution of (3.1).

If ¢, ..., ¢n are n-scalar functions which are (n — 1)-times continuously
differentiable, the Wronskian A(dy, ..., du) of ¢1, ..., Py is defined by

tﬁl 4,2 eee ¢”
(3.3) A(¢y, ..., ¢n) =det D‘l’l D¢2 e Dq&,,

Dwlg, Dnlg, .- Dn-l,

A set of scalar functions ¢;, ..., ¢, defined on @ <t < b are said to be
linearly dependent on [a, b] if there exist constants c1, ..., ¢, not all zero
such that c1¢1(t) + - - - + ¢n $a(t) = 0 for all ¢ in [a, b]. Otherwise, the functions
are linearly independent on [a, b].

| Lemma 3.1 | 1t &1, ..., ¢y are n —1 times continuously differentiable

scalar functions on an interval I, then ¢, ..., ¢, are linearly independent on
I if the Wronskian A defined in (3.3) is different from zero on I.

Proor. Suppose there is a linear combination of the ¢; which is zero
on I. More precisely, suppose that

n
Yedt)=0, tinl,
i=o

where the ¢; are constant. By repeated differentiation of this relation, the
following system of equations for the constants ¢; is obtained:

n

Y ¢; DEgy(t) =0, £k=0,1,2,...,n—1.
j=1

J =
Or, in matrix form,
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¢1 ¢2 ¢n C1 N
Dg Do -+ Dén || 1| o,

Dn—'1¢1 _Dn—.lqg2 cee D"‘qu " Cn

This latter relation must be satisfied for all ¢ in I. On the other hand, by
hypothesis, the determinant of the coefficient matrix is different from zero
for all ¢ in I which implies that the only solution of this system of equations
is ¢; = - -+ = ¢, = 0; that is, the functions ¢; are linearly independent.

The converse of this statement is not true. In fact, there can be n-
functions with » —1 continuous derivatives on an interval I such that the
Wronskian is identically zero for all ¢ in I and yet the functions are linearly
independent. For n = 2, one merely has to choose two differentiable functions
#1, $2 on [0, 3] such that ¢1(t) =0, ¢ in [0, 2], ¢a(t) =0, ¢ in [1, 3] and the
functions are %0 otherwise.

On the other hand, it is clear from the proof of Lemma 3.1 that linear
dependence of ¢y, ..., ¢, on I implies A =0 on I.

If ¢1, . .., dn are solutions of the homogeneous equation

(34) Dty + ay(8) D71y + - -+ + an(t)y =0,

then A(gi, ..., Pn) is the determinant of an » X n matrix solution of the
homogeneous system (3.2); that is, system (3.2) with A =0. Lemmas 1.2,
1.5, formula (3.2) and the remarks above imply

TuroreM 3.1. If ¢1, ..., ¢n are n solutions of (3.4), then A(ds,
...» $a)(t) is #0 for all ¢ in (— o0, 00) or identically zero. More specifically,

t
Ao b)) = Bl ., $a)O) exp [ axe) ).

Thus, the n solutions ¢y, ..., ¢, of (3.4) are linearly independent if and
only if A(¢y, ..., $a)(0) #O0.

Let us determine the variation of constants formula for the solutions
of equation (3.1). Since (3.1) is equivalent to (3.2), it is sufficient to determine
only the variation of constants formula for the first component of the vector
solution of (3.2). If X(¢, 7), X(v, 7) =1, is the principal matrix solution of
% = Az, then any solution of (3.2) satisfies relation (1.7). If the first row of
the matrix X(¢, ) is designated by (¢i(t, 7), ..., da(t, 7)), then the first
component y of the vector x in (1.7) is given by

n ¢
(3.5) y(0) = LDyt 7) + [ patt, lgle) ds,
= T

where g is the function given in (3.1). The reason for such a simple expression
is due to the fact that the vector % in (2.2) has all components zero except
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the last which is g. Since the function ¢,(t, s) together with its derivatives
up through order » — 1 form the last column of the matrix X(¢, s) it follows
that ¢n(, s) is the solution of the homogeneous equation (3.4) which for
t =s vanishes together with all its derivatives up through order n —2,
and the derivative of order » —1 with respect to ¢ is equal to one. This is
summarized in

THEOREM 3.2. For any real number s in (—o0, + ), let ¢(t, s) be
the unique solution of the homogeneous equation (3.4) which satisfies the
initial data

(3.6) y(s) =Dy(s) =+++ = Dn2y(s) =0,  Dn-ly(s) =1.

Then the unique solution of equation (3.1) which vanishes together with all
derivatives up through order n — 1 at ¢t = 7 is given by

3.7 y(t) = rfﬁ(t, 8)g(s) ds.

Another relation which is easily obtained from the general theory of
Section 1 is the equation adjoint to equation (3.4). This is derived from the
general definition of the adjoint equation given in Section 1. The adjoint to

equation (3.2) with A =0 is given by w = —wA, w = (w1, ..., wy), or, equi-
valently,
(3.8) le =anWn

Dwy = —w1 + ap-1wy

Dwy = —wp-1+ a1wy.

It is not obvious that equation (3.8) is equivalent to an »'" order scalar
equation of any type. However, if each of the functions ax, k=1, ..., n,
has a sufficient number of continuous derivatives, this is the case. In fact,
differentiation of the (k + 1)th equation in (3.8) k-times with respect to ¢
yields the equivalent set of equations

(3.9) Dw, =an,wy,
D+l = — D¥wy + D¥(ay—i wy), k=1,2,...,n—1.

If 2 = wy, then one easily concludes from (3.9) that
(3.10) Dnz — DY ayz) + - -+ + (—1)Papz =0.

Equation (3.10) is referred to as the adjoint to equation (3.4). If the a’s are
constant this is the same differential equation as the original one except
for some changes in sign in the coefficients.
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IIL4. Linear Systems with Constant Coefficients

In this section, we consider the homogeneous equation
(4.1) % =Ax
and the nonhomogeneous equation
4.2) &= Ax + k(1)

where 4 is an n X 7 real or complex constant matrix and 4 is a continuous
real or complex n-vector function on (—oo, ).

The principal matrix solution P(¢) of (4.1) at ¢ =0 is such that each
column of P(t) satisfies (4.1) and P(0) = I, the identity. The matrix P(¢)
satisfies the following property: P(t + s) = P(t)P(s) for all ¢, s in (— o0, o).
In fact, for each fixed s in (—oo, c0), both P(t 4 s) and P(t)P(s) satisfy
(4.1) and for ¢t =0 these matrices coincide. Thus, the uniqueness theorem
implies the result. This relation suggests that P(f) behaves as an exponential
function. Therefore, we make the following

Definition 4.1. The n X n matrix e4?, —oo <t < 00, €0 = I, the identity,
is defined as the principal matrix solution of (4.1) at t = 0.

The matrix e4t satisfies the following properties:
(i) eAlt+s) = gAteas
(i) (e4t)-1 = et

(iii) d% edt — AeAt — gAtq

1 1
(iv) eA‘=I+At+§A2t2+‘”+—7A"t”+”‘
! n!

(v) a general solution of (4.1) is e4tc where c is an arbitrary constant
n-vector.

(vi) If X(), det X(0) #0 is an n X » matrix solution of (4.1), then
edt = X(8)X-1(0).

Property (i) was proved above and (ii) is a consequence of (i). Property
(v) is Lemma 1.3 for this special case. (iii) follows from uniqueness and the
observation that both Ae4! and e4!4 are matrix solutions of (4.1). This
same argument proves (vi).

Before proving (iv), it is necessary to make a few remarks about the
meaning of a matrix power series. If f(z) is a function of the complex variable
z which is analytic in a neighborhood of z =0, the power series f(A4) is defined
as the formal power series obtained by substituting for each term in the
power series of f(z) the matrix 4 for the complex variable z. Of course, such



94 ORDINARY DIFFERENTIAL EQUATIONS

an expression will be meaningful if and only if for the particular matrix A
each element of the power series matrix converges. One can actually use such
a series as a definition for matrix functions f(4) when f(z) is an analytic
function of the complex variable z. On the other hand, it should be noted
that property (iv) above is not a definition of e4¢ but is going to be derived
from the fact that e4t is the principal matrix solution of (3.1) at ¢t =0.

ProoF OF (1v). Since P(t) defeat is the principal matrix solution of
(4.1) at £ =0 it follows that P(¢) must satisfy the integral equation

(4.3) HQ=I+£AHQ@.

If one attempts to solve equation (4.3) by the obvious method of
successive approximations

(4.4) PO —],
¢
H“W0=I+IAHW@M, k=012, ...,
0

then one observes that the expression for P®) is given by the formula
1 1
P®)(t) =1+ At + 51 A2 .- 4 7 Aktk.

In the proof of the Picard-Lindelof Theorem in Chapter I, it was shown that
this sequence converged for |f| £ « and « small. We now wish to show that
the sequence of matrices P*)(t) converge uniformly for all ¢ in a compact set
in (—o0, c0). If we let P¥)(t) be the (ij)*™ element of the matrix P®)(¢), then
there is a constant 8 >0 independent of k such that | P®(t)| < B-1| P®)(t)).
Thus,

1 1
ﬁlpgc)(t)l <14 “t+§ o242 0o 4 '1;7 oktk < eat,
where for simplicity we have put « =|A4|. Furthermore,

Bl Pg.‘“)(t) - Pg;)(t)l < ok+1gk+1

1
k+1)!

and the sequence (P{¥(t)) converges uniformly for all ¢ in a compact set of
(— o0, c0). This shows that the power series in property (iv) is well defined
and thus the sequence of matrices { P(¥)(t)} converges uniformly on all compact
subsets of (—oo, 00). From (4.4), it follows that the limit is the principal
matrix solution P(t) = e4t of (4.1). This proves property (iv).

In spite of the above apparent simplicity, the matrix e4t is a rather
complicated individual. Many of the operations that are valid for the scalar
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exponential function are also true for the matrix function e4t. However,
other operations do not behave in the same way as for scalars since in general
matrix multiplication is not commutative. The following two exercises
indicate that caution must be exercised in operating with e4t.

ExErcisE4.1. Prove that Be4t = e4tBfor all ¢t if and only if BA = AB.

Exzercise 4.2. Prove that edteBt —e(4+B)t for all ¢ if and only if
BA =AB.

With a general solution of equation (4.1) beinig given by e4tc, where ¢
is a constant n-vector and the matrix e4? having the power series representa-
tion given in property (iv), one might ask if there is anything left to discuss
about linear equations with constant coefficients. Unfortunately, the previous
notation is very misleading and we have not answered the following questions:
In what precise sense does the function z(t) =e4c where ¢ is a constant
n-vector behave as the scalar exponential function? What is an effective
means for computing e4t?

Both of the questions are very closely related and reduce to a detailed
discussion of the eigenvalues and eigenvectors of a matrix. The general
structure of the solutions of the differential equation (3.1) is determined
completely from the solution of an algebraic problem. This fact expresses
the simplicity of linear systems of differential equations with constant
coefficients and also explains why there is always a definite attempt in the
applications to simulate models of physical systems by using equations with
constant coefficients.

A complex number A is called an eigenvalue (proper value, characteristic
value) of an » X n matrix 4 if there exists a non-zero vector v such that

(4.5) Av =M or (A —A)w=0.

If X is an eigenvalue of the matrix A and v is any non-zero solution of
equation (4.5), then v is called an eigenvector (proper value, characteristic
vector) associated with the eigenvalue A. Hence, A is an eigenvalue of the
matrix 4 if and only if A is a solution of the characteristic equation

(4.6) det(4 — AI) =0.

The characteristic equation is a polynomial of degree = in A and, therefore,
has n solutions, not all of which may be distinct. On the other hand, if
A1, ..., Ax are distinet eigenvalues of the matrix 4 and ¢1, ..., v¥ are cor-
responding eigenvectors, then vl,...,v*¥ are linearly independent. The
following lemma is” obvious.

Lemma 4.1.  If A is an eigenvalue of the matrix 4 and v is an eigenvector
associated with A, then the function z(f) = e#%v is a solution of the differential
equation & = A4=x.
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Lemma 42. If A is an n X n matrix with n-distinct eigenvalues
A1, ..., Ap and o1, ..., v” are the corresponding eigenvectors, then a general
solution of equation (4.1) is given by

V(t)c = crvleht + - -+ 4 cpvnednt,

where V(t) = (vleht, ..., vmeint) and ¢ =(cy, ..., Cx) is an arbitrary complex
n-vector. Furthermore, e4t = V() V(0)-1.

Proor. If we let V(t) be defined as above, then Lemma 1.3 implies
it is sufficient to show that V() is a fundamental matrix solution of equa-
tion (4.1). Since V(0) = (v!, ..., v®) and the vectors 1, ..., v® are linearly
independent, V(0) is non-singular. This fact, Lemma 4.1 and Corollary 1.1
imply that V(t) is a fundamental matrix solution of (4.1). A general solution
is therefore V(t)c where c is an arbitrary n-vector. The last assertion of the
lemma is precisely property (vi) above of e4?.

If the matrix A has real elements then the eigenvalues will occur in
complex conjugate pairs. This will imply that the corresponding eigenvectors
can be chosen as complex conjugates, Therefore, if only real solutions of (4.1)
are desired, the constants cy, ..., ¢, given in the general solution will need to
satisfy some restriction of complex conjugacy. In fact, if A; and Az are com-
plex conjugates, then the eigenvectors v!, v2 can be chosen as complex
conjugates. In the general solution the constants c¢; and ¢z then may be
chosen as complex conjugates to obtain a real solution of equation (4.1).

We now describe the general procedure for obtaining e4t. To do this we
need some elementary concepts from linear algebra. Let C" be complex
n-dimensional space and let 81, Sz be linear subspaces of C*. The subspaces
81 and Ss a1y linearly independent if c1y1 + cay2 =0, y1 in S1,y2 in Sq,
implies that ¢; =cg = 0. The direct sum, S; @ Sz, of independent subspaces
81, 82 is a subspace S of C* whose elements y are given by y =y1 + 2, y1 in
S1,y2 in Sg. If 4 is an n X » matrix and S is a subspace of C7, then § is
invariant under A if for any y in S the vector Ay isin S. If A isann X n
matrix the null space of A, denoted by N(A), is the set of all ¥ in C” such that
Ay =0. If X is an eigenvalue of the n X n matrix 4, r(]) is the least integer &
such that N(4 — AI)¥+1 = N(A — M)*. The set N(4— Al)*® is a subspace
of C* and is called the generalized eigenspace of A corresponding to the
eigenvalue A. This generalized eigenspace is denoted by the symbol M;(A4).
The dimension of M 3(4) is equal to the algebraic multiplicity of the eigen-
value 4; that is, the multiplicity of the eigenvalue as a zero of the charac-
teristic polynomial det(4 — AI). We say an eigenvalue A of A has simple
elementary divisors if M 3(A) = N(A4 — M). The following result is basic and
a proof can be found in any book on linear algebra. '

LeEmMmA 4.3. If 4 is an n X n matrix and Ay, ..., A; are the distinct
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eigenvalues of A, then the corresponding generalized eigenspaces M, (4),
oM ;,‘(A) are linearly independent, are invariant under the matrix 4 and
Cr=M;(A)@® - @ M;(A).

Since the generalized eigenspaces M; (4),..., M, (A) are linearly
independent if Ay, ..., A; are the distinct eigenvalues of 4, it follows that
any vector x0 in C” can be represented uniquely as

8
(4.7) 0= 04,  z07Jin M (A).
i=1
Since the generalized eigenspaces M ; (4) are invariant under the matrix 4,
any solution of the differential equation (4.1) with initial value in M, (4)
will remain in M (4) for all values of ¢. This is immediately obvious since
the tangent vector to the curve described by the solution of the differential
equation in the phase space lies in the subspace M, (4).
For any 20 in C* and any complex number A,

eAtg0 — o(A—ADteAty0
— e(A—AD)tg0p1t
3 A — Nk t*\ foeat
= (4 —A) —-)x eAt .
(kg'o k!
If A is an eigenvalue of A and M ;(A4) is the corresponding generalized eigen-
space, then x0 in M ;(A) implies that the above infinite series is actually
only a polynomial since (4 — Al)¥x® =0 for all k = r(A). Therefore, for any
20 in M (A), e4tx0 is given by

7(A)—1

k
(4.8) eAtgr0 — [ (A —A)* -t—] x0eAt,
¥=0 k!

In summary, if A is an eigenvalue of the matrix 4 and M ;(4) is the
corresponding generalized eigenspace, then any solution of the differential
equation with its initial value in M ;(4) must lie in M ;(A) for all values of ¢
and the solution of the differential equation is a polynomial in ¢ with vector
coefficients times eA?. Furthermore, this polynomial in ¢ can be obtained by a
direct evaluation of the infinite series for e(4—-AD¢,

These remarks together with Lemma 4.3 and the decomposition (4.7)
yield

TaEOREM 4.1. If Ay, ..., A; are the distinet eigenvalues of the nx n
matrix 4 and M, (4), ..., M;(4) are the corresponding generalized eigen-
spaces, then the solution of the initial value problem

(4.9) % = Ax, z(0) = a9,
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is given by
s [r)—1 £k
(4.10) o)=Y [ Y (4 — NIk _] 0. Jeht,
=1L ¥=o k!

where the vector 0./ belongs to the generalized eigenspace M, (4) and is
determined by the unique decomposition of the initial vector 20 according
to equation (4.7).

The specific manner in which one applies this result is as follows. The
dimension of the generalized eigenspace M ;(A4) of an eigenvalue of 4 is equal
to the algebraic multiplicity of the eigenvalue A. For a given eigenvalue A
of the matrix A one first obtains the null space of the matrix 4 — AI. If the
dimension of this null space is not equal to the algebraic multiplicity of
the eigenvalue A, one proceeds to calculate the null space of (4 — AI)2. If
the dimension of this subspace is equal to the algebraic multiplicity of the
eigenvalue A, the subspace is M ;(A4). This process is continued until a sub-
space is obtained which has the dimension of the algebraic multiplicity of
the eigenvalue A. In this process, one also has obtained a basis for the general-
ized eigenspace M ;(A4). Having done this for each eigenvalue A of the matrix
A, one has a basis for C*. In terms of this basis the element 20 can be expanded
uniquely, which determines the 0.7 and therefore the solution z(f) by
formula (4.10). The general solution of equation (4.1) is obtained by replacing
20,7 in (4.10) by an arbitrary linear combination of the basis vectors for the
generalized eigenspaces M ,1,(A), i=12,... s

ExEercise 4.1.  Using Theorem 4.1, find the general real solution of the
equation z = Az with

0 1]
(@) A=L1 ol
(0 17
(b) ‘A = -0‘ 0- ’
1 1]
@ 4=} ]
[0 —1 27
@ 4a=lo 1 of;
1 1 -1
[0 1 0]
© A=|4 3 —4f.
1 2 —1]

Theorem 4.1 gives a complete description of the general form of the
solution of a linear equation with constant coefficients; namely. any solution
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of (4.1) is a sum of exponential terms with coefficients which are polynomials
in ¢t. The exponents of the exponential terms involve the eigenvalues of 4.
The degree of the corresponding polynomial in ¢ is no more than one less
than the dimension of the generalized eigenspace of the eigenvalue. A more
complete description of the number of linearly independent solutions of
(4.1) of the form p(t)ert, where p(t) is a polynomial of a given degree is given
by the Jordan canonical form: For an n X n matrix 4, there is a nonsingular
matrix @ such that

(4.11) Q1AQ =diag(Ch, ..., Cp);
Cj=}\jl+ Ry;
010 00
0 01 00
Ri=|- - « -« - -
000 --- 01
000 --- 00
and A;,j=1,2,...,p, is an eigenvalue of 4. The Ay, ..., Ap are not neces-

sarily distinet and the dimension n; of Cj is not necessarily equal to the
r(};) mentioned above.
If @, A are related by (4.11), then

(4.12) Q—leAtQ — ¢ldiag(Cy,...,Cp)lt — diag(ecl‘, e, eC,,t),

™~ t2 t”j'—l -]
1 [ S —
21 (n;— 1)1
tﬂj—2
eCst = el;teRjt’ eRit — 01 ¢ 1.
(n;—2)1
0 0 0 -- 1

The representation (4.12) gives more specific information about e4?, but
depicts the same general structure of the solutions of (4.1) as Theorem 4.1.

A similarity transformation is a transformation which takes a matrix 4
into a matrix' @~14Q, @ nonsingular. Similarity transformations are very
important in differential equations. In fact, if @ is nonsingular and z =Qy
in (4.1), then y =Q14Qy. The Jordan canonical form implies that siuch
transformations can be used to reduce a differential equation to a very
simple form.

THEOREM 4.2.] (i) A necessary and sufficient condition that the system
(4.1) be stable is that the eigenvalues of 4 have real parts < 0 and those with
zero real parts have simple elementary divisors.
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(ii) A necessary and sufficient condition that the system (4.1) be asymp-
totically stable is that all eigenvalues of 4 have real parts <C0. If this is the
case, there exist positive constants K, « such that

(4.13) 4| < Ke-ot, £ 0.

Proor. Since (4.1) is autonomous, stability implies uniform stability,
asymptotic stability implies uniform asymptotic stability. Theorem. 2.1
implies that stability and boundedness of (4.1) are equivalent and asymptotic
stability and exponential asymptotic stability are equivalent.

(i) If all solutions of (4.1) are bounded, then there can be no eigenvalue
of A with positive real parts from Lemma 4.1. Furthermore, if there are
eigenvalues with zero real part and M j(4) % N(4 — M), then Theorem 4.1
implies there is a solution with a term e’ times a nonzero constant vector.
Such a solution would not be bounded. Conversely, if all eigenvalues have
nonpositive real parts and M (4) = N(4 — Al) for those eigenvalues with
zéro real parts, then the general representation theorem, Theorem 4.1, implies
that no powers of ¢ occur except when multiplied by an e* with Rel <O.
Therefore, the solutions are bounded.

(ii) This part is proved in the same manner using Theorem 4.1 and
Theorem 2.1.

Since (e4?)~1 =e~4¢, formula (1.7) implies the variation of constants
formula for (4.2) is

(4.14) (t) = e4t-Da(r) + | * eAt-o(s) ds.
As a particular illustration of this reflation, consider the scalar equation
%+ u=g(t).
This equation is equivalent to the system
u=wv,
o= —u+g(t).

S |

oAl — cost sint
" |—sint cost|’

If 2 = (u, v),

then

and the first component of (4.14) is
¢
u(t) = u(r) cos(t — 7) + u(7) sin(t — 7) + f sin(t — s)g(s) ds,

a well known formula in elementary differential equations.
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III.5. Two Dimensional Linear Autonomous Systems

As an application of Theorem 4.1, we classify the different behaviors of
the solutions of

a b

(6.1) & = Az, A= [c ], det 4 #£0.

d
where a, b, ¢, d are real constants. If A;, A2 designate the eigenvalues of 4,
there are many cases to consider.

Case 1. A1, Ag real, Ag << A;. Let v1, v2 designate unit eigenvectors of 4
associated with the eigenvalues Aj, Az, respectively. A general real solution
of (5.1) is

(5.2) 2(t) = crehtyl | coetety2,

where c;, ¢, are arbitrary real constants. For a given c,, ¢,, ¢ 4 ¢Z >0, the
unit tangent vector to the orbit 7y described by (5.2) approaches a vector parallel
to v' as t > eaif ¢; # 0 and +2? as t > —oo 1f(:2 #0.

Case la. Negative roots, Az <A1 <0 (Stable node). All solutions ap-
proach zero as t— oo and the above information on asymptotic directions
allows one to sketch the orbits as in Fig. 5.1. The straight lines L; and Lg are
the lines that contain the eigenvector v! and v2, respectively. The origin is
stable and called a stable node.

Figure I11.5.1 Stable node (A2 < )(j< 0).
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—————— e ———— s ——— —

Figure I11.5.2 Unstable node (0 < Az < A).

Case 1b. Positive roots, 0 < Az < A1 (Unstable node). This is similar to
Case la except for reversing the arrows and changing the lines of tangency
of the curves. See Fig. 5.2. The origin is unstable and called an unstable nope.

Case Ic. One positive and one negative root, Ag <0 < A; (Saddle point).
From (5.2), those orbits which lie on Ly approach zero as t — -+ oo and those
which lie on L; approach zero as ¢ — —oo. All other orbits are unbounded.
The zero solution is unstable and the orbits are depicted in Fig. 5.3. The origin
is called a saddle point.

Figure II1.5.3 Saddle point Ag < 0 < A; .
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Case 2. Complex roots. Since A is real, we have A\ =a+ 8, Az =
o —if, a, B real, 8>0. If v! and v2 are chosen as complex conjugate, a
general solution for the real solutions of (5.1) is

() = c1e(@+iBtYL | G1e(x-1B)t51 — 2 Re(cie(a+ibtyl),

where ¢l is an arbitrary complex number and b designates the complex
conjugate of a vector b.

If v1=wu+1v, u,v real, then u,v are linearly independent and if
c1 = ae'd where a, 8 are real, then a general real solution of (5.1) is

(5.3) x(t) = 2aex[u cos(Bt + 8) — v sin(Bt + 8)].

The expression (5.3) gives all of the essential properties of the solutions.
If Bt + & =k, k an integer, then the orbit of the solution crosses the line U
generated by u and if Bt + 6 = (2k + 1)m/2, k an integer, it crosses the line
V generated by v. The components of the solution curve in the direction %
and v oscillate and are 7/2 radians out of phase. Therefore, the orbit must
resemble a spiral.

Case 2a. Purely imaginary roots (Center). If the eigenvalues of 4 are
=418, a general real solution of (5.1) is

#(t) = al cos(Bt + 8) — v sin(Bt + 9)],

where a, § are abitrary real constants and u, v are as above. The orbits are
closed curves and every solution is periodic of period 2m/8. These curves are
ellipses with center at (0,0) (see Fig. 5.4). The origin is stable and called a center.

Figure I11.5.4 Center \y = A2, Re Ay =0, Im X # 0.
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Case 2b. Complex roots with negative real parts (Stable focus). If
o <0, it follows from (5.3) that all solutions approach zero as {— co and
the orbits are spirals. The equilibrium point is called a stable focus (see
Fig. 5.5).

\4

|
Figure II1.5.5 Stable focus.

Case 2c. Complex roots with positive real parts (Unstable focus). If
o >0, then solutions approach zero as ¢ — —oo and the equilibrium point
is called an unstable focus (see Fig. 5.6).

Figure I11.5.6 Unstable focus.

Case 3. Both eigenvalues equal (Improper node). The eigenyaciues are
real. If there are two real linearly independent eigenvectors v1, v2 associated
with the eigenvalue A (i.e., A has simple elementary divisors), then a general
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solution is
z(t) = (c10! + cav2)ei,

where c¢1, c2 are arbitrary real constants. The unit tangent vector to the
orbit of z is constant for any cj, c2. Therefore, all orbits are on straight lines
passing through the origin (see Fig. 5.7).

Figure I11. 5.7 Stable improper node.
If there is only one linearly independent eigenvector v1 of A, then the
general solution given by Theorem 4.1 is
Z(t) = (€1 + cat)ertvl 4 coertn2,
where v2 is any vector independent of v!. By direct computation, one shows

that the tangent to the orbit becomes parallel to v! as't— 4 co and { - —co.
A typical situation is shown in Fig. 5.8.

Figure I11.5.8 Stable improper node.
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IT1.6. The Saddle Point Property

In the previous section, we have given a rather complete characteriza-
tion of the behavior of the solutions of a two dimensional linear system with
constant coefficients. It is of interest to study the conditions under which the
behavior of the solutions near an equilibrium point of a particular type is not
‘‘changed ” by ‘‘ small ” perturbations of the right hand side of the differential
equation. By considering only linear perturbations Bz with | B small, it is
easy to see that the only types of equilibrium points for two dimensional
linear systems which are preserved are the focus proper node and saddle point.
On the other hand, the limiting behavior at o° is insensitive to small perturba-
tions for all types except the center. In this section, we discuss for linear
systems of arbitrary order a special type of equilibrium point which is
insensitive to perturbations in the differential equation. The classification
of the equilibrium point is crude in the sense that it does not take into
account the ““fine”’ structure of the trajectories but only general asymptotic
properties of the trajectories. The questions discussed here are treated in a
much more general context in a later chapter, but, in spite of the duplication
of effort, it seems appropriate to consider the special case at this time.

The equilibrium point =0 of (4.1) is called a saddle point of type (k)
of (4.1) if the eigenvalues of the matrix A have nonzero real parts with
k = 0 eigenvalues with positive real parts. For n =2, this definition of a
saddle point does not coincide with the one in Section 5. In fact, an equi-
librium point which is completely stable (k =0) as well as one which is
completely unstable (¥ = 2) is referred to in this section as a saddle point.

If x=0 is a saddle point of (4.1) of type (k), the space C* can be
decomposed as

(6.1) ot =010,
o =n, 0" C" =nC",

where 7, m— are projection operators, 74+ + 7— =1, C" has dimension %, C"
has dimension n —k, 0’;, C" are invariant under A and there are constants
K >0, a« >0 such that
(6.2) (a) |edtmyz| < Keot|myx|, t<0,

(b) |edtr_z| £ Keot|m_al, t=0,
for all z in C. These relations are immediate from the observation that there
exists a nonsingular matrix U such that U-14U =diag(4+, A_) wheére A,

is a k X k matrix whose eigenvalues have positive real parts and 4_ is an
(n — k) X (n — k) matrix whose eigenvalues have negative real parts. From
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Theorem 4.2, there are constants K; >0, « >0 such that |e4+| < Kjext,
t <0 and |e4-t| £ Kje~®, t > 0. The first relation is obtained by replacing
t by —t in the equation 4 =4 u. Let C" ={z in C" such that x = Uy,
y = (%, 0), u a k-vector} and C" ={x in C" such that x = Uy, y = (0,?), v
an (n — k)-vector}. Since U is nonsingular C% @ C” =C" and this defines
the projection operators ., m— above. It is clear that (6.1) and (6.2) are
satisfied.

The subspace C”, defined in (6.1) is called the unstable manifold passing
through zero and C" is called the stable manifold passing through zero. The
orbits of solutions on the unstable manifold approach zero as t— —oo and
the orbits of solutions on the stable manifold approach zero as t— co.
Furthermore, the construction of C” , 0" clearly shows that the only solutions
of (4.1) whose orbits remain in a given neighborhood of the origin for all
t = 0 (t < 0) must have their initial values on C* (C7 ).

What type of behavior is expected when a linear system with z =0 as
a saddle point is subjected to perturbations which are small near x =0? The
following example is instructive. Consider the second order system

% =11,
&y =—=zy+ 1},
whose general solution is
x1(t) = eta,

a3

a3
Zo(t) = e—t(b — Z) + ) e3t,

where a, b are arbitrary constants. It is easily seen that z;(f), za(t)—>0
as t— oo if and only if @ =0 and b is arbitrary. Also, z;(t), z2(f) -0 as
t— —oo if and only if b =a3/4 and a is arbitrary. If 6 =a3/4, then the cor-
responding orbit in the phase plane is , =23/4. The phase plane portrait
is shown in Fig. 6.1. Notice that the stable and unstable manifolds near
x = 0 are essentially the same as the ones for the linear system. This example
motivates the following definition of a saddle point for nonlinear equations.
Suppose zg is an equilibrium point of the equation

(6.3) & = Ax + f(x),

where f is continuous on Cn. We say xg is a saddle point of type (k) of (6.3)
if there is a bounded, open neighborhood V of x¢ and two sets Uy, Sp—k,
in C*, U N Sp—r = {Zo}, of dimensions k¥ and n — k, respectively, U nega-
tively invariant, 8,_x positively invariant with respect to (6.3), such that the
orbit of any solution of (6.3) which remains in V for ¢t £ 0 (£ = 0) must have
initial value in Ug(Sp—x) and the orbit of any solution with initial value in
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x2

x1

Vi

Figure I11. 6.1

Ui(Sa-k) approaches zg as t — — oo (+ o0). The set Uy is called the unstable
manifold and Sp—i the stable manifold.

If 2 =0 is a saddle point of (4.1) of type (), we say that the saddle point
property is preserved relative to a given class &F of functions if, for each f in
F, the system (6.3) has an equilibrium point xo = xo(f) which is a saddle
point of type (k).

Our main interest centers around the preservation of the saddle point
property when the family & is a family of ““small” perturbations and the
equilibrium point zg = zo(f) satisfies x(0) = 0. If f has continuous first de-
rivatives and we measure f by specifying that the norm of f in a bounded -
neighborhood V of x =0 as

of (x)
ox

|f] =sup| f ()| + sup
zeV zeV

then there is no loss in generality in assuming that f(z) =o(|z|) as |z| —0.
In fact, there is a 8 > 0 such that the matrix 4 + 9f (z)/éx as a function of
z has k eigenvalues with positive real parts, n — k with negative real parts
for |x| < 8. From the implicit function theorem, the equation Az + f(x) =0
has a unique solution z in the region |z| < 8. The transformation z =z + y
yields the equation

of (o)
ox

of (xo)
ox

y= [A + ] Y+ 1 (@0 +¥) —f (o) —

gBy +9(¥),

where B has k eigenvalues with positive real parts, n — k with negative real
parts and g(y) =o(|y|) as |y| >0.
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On the strength of this remark, we consider the preservation of the saddle
point property for equation (6.3) for families of continuous functions f which
at least satisfy f(x) = o(|z|) as |x| - 0.

Lremma 6.1. If f: C» —(C" is continuous, x =0 is a saddle point of type
(k) of (4.1), 4, m— are the projection operators defined in (6.1), then, for
any solution z(t) of (6.3) which exists and is bounded on [0, o0), there is an
z— in 7-Cn such that z(t) satisfies

64) a(t) —ertw_+ [ eAt-nn_flaa) ds+ | ety flalt+ ) as,
0 ©

for t 2 0. For any solution z(t) of (6.3) which exists and is bounded on
(— o0, 0], there is an z4 in 74 C™ such that

(65) a(t) =edta, + [ et-o1m, f(a(s)) ds + | ? e ton_ f(alt+ o)) ds
0 —

for t £0. Conversely, any solution of (6.4) bounded on [0, 0) and any
solution of (6.5) bounded on (— o0, 0] is a solution of (6.3).

Proor. Suppose z(t) is a solution of (6.3) which exists for ¢ = 0 and
|2(t)] £ M for t = 0. There is a constant L such that |m, 2| < L|«| for all
in C* and, thus, |7 2(t)) <ML for all ¢ = 0. Since f is continuous there is a
constant N such that | f(z(t))] £ N, ¢t 2 0. For any o in [0, 00), the solution
z(t) satisfies

¢
7o 2(t) = eAt-0 1, 2(a) + j eAt-07, f(x(s))ds, tin [0, o0),

since Amy =7+ A, An_=mn_A.
Since the matrix 4 satisfies (6.2),
leA¢-0rm, 2(0)| < Keat-9)|m, 2(0)| < KLMext-0),

for ¢t < o and, therefore, approaches zero as o — c0. Also, for t < o,

| et-0m, f(z(s) "’SI <kK| " eatt-|m, f(a(a))] d
o ¢

< KLY [ ext-0 ds
t

KLN

=" 1 —eat-o],
-2

KLN

-4

.

IIA
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Therefore, the integral f :0 eAt=9)7r f(x(s)) ds exists. From the above integral

equation for 74 z(t), this implies
0
mea(t) = j e~ sy, f (2(t + 3)) ds.

Since z(t) = w4+ x(t) + m—«(¢), this relation and the variation of constants
formula yield (6.4). Relation (6.5) is proved in a completely analogous manner.
The last statement of the lemma is verified by direct computation to complete
the proof.

Notice that z_, z; in (6.4), (6.5) are not the initial values of the solutions
at ¢ =0, but are determined only after the solution is known.

LemMMa 6.2. Suppose « >0, y> 0, K, L, M are nonnegative constants
and u is a nonnegative bounded continuous solution of either the inequality

¢ ©

(6.6) wu(t) < Keat 4 LJ. e~at=9y(s)ds + M f e~ vsu(t 4 s) ds, t=0,
0 0

or the inequality

0 0
(6.7 u(t) < Kex+ L J. ex(t=y(s)ds + M f evsu(t + s) ds, t<0.
t —

If
L M
(6.8) pEZ 4+ =<,
o Y
then, in either case,
(6.9) w(t) < (1— B)—lKe—[a—(l—ﬁ)‘!L]ltl.

Proor. We only need to prove the lemma for u satisfying (6.6) since
the transformation ¢ — —t, s — —s reduces the discussion of (6.7) to (6.6).
We first show that () -0 as t — co. If & =1lim;_« u(t), then u bounded
implies § is finite. If § satisfies B <<6 <1, then 8 >0 implies there is a
t1 = 0 such that »(t) < 6-16 for ¢t = t1. From (6.6), for ¢ = ¢, we have

t1
(6.10) u(t) < Ke—ot 4 Le-at f esu(s) ds (1‘ + %)e—la.
0 o Y

Since the lim sup of the right hand side of (6.10) as ¢ — o0 is < 8, this is a
contradiction. Therefore, § =0 and u(t) >0 as ¢ — oo.

If »(t) = sup,-, u(s), then u(t) >0 as ¢t — co implies for any ¢ in [0, o),
there is a ¢; = ¢ such that v(t) =v(s) =wu(t1) for t <s < t1, v(s) <wv(f1) for
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s >t;. From (6.6), this implies

t
o(t) = u(t)) < Ke—otr + L J e-a(ti=-9p(s) ds
0
+ L ‘rl e~xt=9y(s) ds + M J.m e~ vsu(t+ s) ds
t 0

< Ke-ati 4 [, f ’ e-at-s(s) ds + Bu(t),
0
where 8 = Lja + M|y <1. If 2(t) = e*tv(¢), then t; = ¢ implies
4
A S (1—B) K + (1 —B) L | 2(s) ds.
0

From Gronwall’s inequality, we obtain 2z(f) < (1 —B)~1K exp(l — B)-1L¢
and, thus, the estimate (6.9) in the lemma for u(f).

ExErcise 6.1. Suppose a, b, ¢ are nonnegative continuous functions on
[0, 00), u is a nonnegative bounded continuous solution of the inequality

u(t) < alt) + j: b(t — s)u(s) ds + f:c(s)u(t +s)ds, =0,

and a(t) -0, b(t) >0 as t— oo, fow b(s) ds < o0, Jow ¢(s) ds < oo0. Prove that

u(t) >0 as t - oo if
fwb(s)ds+ch(s)ds<l.
0 0

If T is any subset in C* which contains zero, and C* =7, 0" @ 7_Cn,
74, m— projection operators with my7_ =7_m. =0, we say I is tangent to
m_Cn at zero if |7y x|/|m_x| -0 as £ —0 in I'. Similarly, we say I' is tangent
to . Cn if |m_z|/|my2x| >0 as £ —0in T'.

THEOREM 6.1. Suppose 7 is a continuous, nondecreasing, nonnegative
function on [0, c0) with 7(0) =0 and let 7 4(n) designate the family of
continuous functions f: C? — O such that

(6.11) (a) f(0)=0,
(b) |f@ —f@) < n)le—yl, |al |yl S0

If x =0 is a saddle point of type (k) of (4.1), then the saddle point property

is preserved relative to the family Z/x(x). If, for any f in Z¢4(y),

Uk =Uk(f), Sn—k =Sn—k(f) are the unstable and stable manifolds of the

equilibrium point x =0 of (6.3), then Uy is tangent to 7. C" at x =0 and
Sp—k is tangent to w_C" at * =0, where 7, C" and 7_C” are the unstable
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and stable manifolds of the saddle point =0 of (4.1). Furthermore, there
are positive constants M, y such that

(6.12) (a) |a(t)] £ Me|x(0)],  t20,2(0) in Sns
(b) |z(t)] < Mevt|2(0)|, ¢ <0,x(0)in Uy.

It is worthwhile to consider the following schematic representation
Fig. 6.2 of Theorem 6.1. The picture for f =0 is global whereas for f 0,
it is local. In the diagram, we have indicated orbits of (6.3) other than the
ones on Uy and Sp_i . Actually, we do not prove that the orbits which do not
intersect Uy or Sy—i behave as shown but only assert that these orbits must
leave a certain neighborhood of zero with increasing ¢.

7|'+C"

Figure. I111.6.2

Proor oF THEOREM 6.1. From Lemma 6.1, for any solution z of (6.3)
which is bounded on [0, o0), there is an z_ in 7_C” such that z(t) satisfies
(6.4). We first discuss the existence of solutions of (6.4) on [0, c0) for any
z— in 7_Cn sufficiently small. Since 7_, 7 are projections, there is a constant
K, such that |7y x| < Ki|z|, |m-2| < Ki|z| for all z in C7. Suppose K, o are
the constants given in (6.2) and 7(o), o = 0, is the function given in (6.11).
Choose 6 so that

(6.13) 4KK1q(d) <a, 8K2K17(8) < 3a.

With this choice of 8 and for any z_ in #_C" with |2_| < §/2K, define
Y(x_, 8) as the set of continuous functions z: [0, 00) -C" such that |z| =
SUPo<t<oo |Z(8) | < 8 and 7_x(0) =2_. F(z_, §) is a closed bounded subset
of the Banach space of all bounded continuous functions taking [0, c0) into
O with the uniform topology. For any z in 4(x_, 8), define Tz by
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(614) (o)) =eMta_+ [ eAt-om_fla(e) ds+ [ et f(alt+ ) da,
0 0

for ¢t = 0. Since z is in ¥(z_, ), it is easy to see that Tz is defined and con-
tinuous for ¢ = 0 with [7_ T'z](0) = z_. From (6.2), (6.11), (6.13), we obtain

|(T)0)] < Ke-stfa| + [ Ke-st-dlm_f(als)| ds+ [ Ke-wolmsf (alt -+ )| ds
0 0

KK,

o

2KK,

a

< Ke %|z_| +

7(8)||[2 — e~¢]

<Klz| +

7(8)8

6 &
<gtz =%

fort = 0. Thus, |Tx| <6 and T: ¥(z—, 8) >%(z—, ).
Furthermore, the same type of estimates yields"

2KK 1
|(Tz)(®) — (Ty)(O) < —— n®)le —y| < 5 l= — o,

for t = 0. Thus T is a contraction on %(z_, §) and there is a unique fixed
point z*(-, z_) in ¥(z_, &) and this fixed point satisfies (6.4).

Using the same estimates as above, one shows that the function z*( -, z_)
is continuous in z_ and z*(-:, 0) =0. However, more precise estimates
of the dependence of z*(:, z_) on z_ are needed. If we let x* = x*(-, z_),
&* =a*(-, £_), then, from (6.4),

|z*(t) — &*(t)| < Ke~t|z— — &_)| + KK17(8) fte'“("”lx*(s) — &*(s)| ds
0

+ KEu(®) [ eote¥(t+a) 2%+ o) ds

for t > 0. We may now apply Lemma 6.2 to this relation. In Lemma 6.2,
let y =0, M =L =KKn(5). If u(t) = |a*(t) —&*(t)|, & satisfies (6.13) and
appropriate identification of constants are made in Lemma 6.2, then

t
(6.15) ot x) —x*(t, E)| < 2K(exp — %) le_—%], t=0.

Smce x*(-, 0) =0, relation (6.15) implies these solutions satisfy a relation
of the form (6.12a) and approach zero exponentially at ¢ — co.

Let Bsj2x denote the open ball of radius §/2K in O with center at the
origin. Let S%_x designate the initial values of all those solutions of (6.3) which
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remain inside B for ¢t = 0 and have 7_(0) in B2k . From the above proof,
St i ={z:x=2%0,2-), - in (7-C") N B,,x}. Let g(xz-) =2*%(0, 2-), =_
in (7~C®) N Bg;2x. The function g is a continuous map of (7_C*) N Bgak
onto S%—x and is given by

(6.16) gz_) =2+ f * e—dog, f(x*(s, 2_)) ds.
From (6.2), (6.11), (6.13), (6.15), we have
lg(@-) —g(z)| 2 |- —&-| — j: Ke-csKy(8)|w*(s, o) — 2%(s, £-))| ds

> |z —&.| [1 _4_1_(_21(1_”(8)]
3a

2z |z —2,
_2|x |

for all z_, £_ in (m—C?®) N B2k . Therefore g is one-to-one. Since g~1 =7_
is continuous it follows that g is a homeomorphism. This shows that S} _,
is homeomorphic to the open unit ball in C#—¥ and, in particular, has dimen-
sion n — k. However, S*_, may not be positively invariant. If we extend
S¥_rtoasetS, , by addmg to it all of the positive orbits of solutions with
initial values in SY_,, then 8, _, is positively invariant and also homeo-
morphic to the open umt ball in C?~% from the uniqueness of solutiohs
of the equation. The set S, _, coincides with S}¥_, when z in S, _, implies
|| <8/2K. ‘
From (6.14), (6.15) and the fact that z*(-, 0) =0, we also obtain

|ms2*(0, 2_)| < KK1 j e~asn(|a*(s, z-)|)|z*(s, x-)| ds

< KK, J' e~0ey)(2K|x_|)2K|z_| ds

2K2K
= 2 n(2K]z|)|z-].

Consequently |4 2*(0, x_)l/lx.l —>0 as |z_| >0 in S,_; which shows that
Sp— is tangent to 7 O™ at x =0.

Using relation (6.5), one constructs the set Uy in a completely analogous
manner. This completes the proof of the theorem.

In the proof of Theorem 6.1, it was actually shown that the mgpping g
taking m_C® N By,y into S}_, is Lipschitz continuous [see relatloﬁs (6.15)
and (6.16)]. Since the solutions of (6.3) also depend Lipschitz contmuously
on the initial data if (6.11) is satisfied, it follows that the stable manifold
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Sn—x and also the unstable manifold Uy are Lipschitz continuous; that is,
Sn-x(Uk) is homeomorphic to the unit ball in C#~¥(C¥) by a mapping which
is Lipschitz continuous. It is also clear from the proof of Theorem 6.1 that
the Lipschitz condition of the type specified in (6.11b) was unnecessary. One
could have assumed only that

|f @) —F @) = vz —yl,

where y satisfies (6.13) with 7(3) replaced by y. Of course, the assertion of
tangency in the theorem may not hold in this more general situation.

An even weaker version of Theorem 6.1 can be proved for functions
which may not be lipschitzian but satisfy

(6.17) |f (@) £ pl]

for x in some neighborhood V of x = 0 and u satisfies (6.13) with 5(c) replaced
by p. In fact, let 8 be chosen such that |x| <8 implies z in V and let 4(z_, 8)
be defined as before as all continuous functions taking [0, c0) into C* which
are bounded by 8, but use the topology of uniform convergence on compact
subsets of [0, c0). If the mapping T is defined as in (6.14), one can show
that T': %(x—, 8) >%(z—, 8) in the same manner as before. For any ¢ >0,
choose 7 so large that

[(T=)(t) — (Ty)0)| < KK, j: &9 f (z(s)) — f (9(s))] ds

KK, j; e8| f (a(t + 8)) — f (y(¢ + 8))] ds
+ ¢/2

for any z, y in %(x—, 8). Therefore, given any compact set G in [0, o0),
one can always choose a 8 >0 such that |z(t) —y(t)] <& on @ implies
[(Tx)(t) — (Ty)(t)| < & on G. This implies 7' is continuous on %(z—, 8) in the
topology of uniform convergence on compact sets. Since (7'z)(t) is a solution
of the equation 2 = Az + f(2(t)), and |T'z| < 8 for all z in ¥(x_, 8), it follows
that |d(T'z)(¢)/dt| is uniformly bounded and 7 is a completely continuous map
of 4(xz_, 8) info %(z_, 8). Using the Schauder-Tychonov theorem, one can
assert the existence of a fixed point z*(-, 2_) of 7' in %(x_, 6). Furthermore,
since z*( -, z_) satisfies (6.4), it follows that

¢
|z*(¢, 2-)] < Ke~|a_| + KK1p f e~x(t=8)|x*(s, x_)| ds
0

@
+ KKu J. e~ %8|z*(t + s, x_)| ds.
0
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Again, using Lemma 6.2, one obtains

i
(6.18) le*(t, z)| < 2K(exp — “5) l=|, t=o0.
Also, exactly as in the proof of Theorem 6.1, one obtains
2K2K
(6.19) |7+ 20, 2-)| £ —— pl-].
o

Thus, all solutions z(¢) of (6.3) such that |2(¢)| < 8, ¢t = 0 and |7—2(0)| < /2K
approach zero as t— oo exponentially and in fact satisfy (6.19) for an
appropriate z_—. If we designate S* as the set of initial values of such solu-
tions and extend S* to a set § by adding to it all of the positive orbits of
solutions with initial values in S*, then it is reasonable to call S a stable

manifold of (6.3).
If f satisfies the stronger condition
(6.20) f@)=o(z|) as |z[—0,

then there is an 7)(o) continuous for o = 0, 5(0) =0, such that | f(z)| < n(o)|z]
for 2| < o. The estimate (6.19) can then be improved to

K,

2K?
(6.21) |y 2*(0, 2_)| < 72K|x-|)|x-|.
Relation (6.21) shows that S is tangent to 7_C” at z = 0. In the same manner,
one obtains an unstable manifold U which is tangent to 7,.C" at x =0.
One will still have the property S n U ={0}, but cannot assert that S has
dimension » — k and U has dimension k.

If f satisfies the condition (6.17), the estimate (6.19) shows that the stable
manifold must lie in a region containing 7_C, the region being bounded by
two planes which approach 7_C as u—0. The same remark applies to the
unstable manifold.

If f satisfies (6.20), then the tangency of the stable and unstable mani-
folds of (6.3) to the stable and unstable manifolds of (4.1) at z =0 implies the
following: For any neighborhood N of (7-C») intersected with the ball of
radius one with center at the origin, there is a neighborhood V of =0 such
that the stable manifold of (6.3) relative to the neighborhood V lies in N.
The same remark applies to the unstable manifold. An important con-
sequence of this remark is the following corollary, the first part of which is
a special case of Theorem 2.4.

CoroLLARY 6.1. Suppose f:Cm-—C» is continuous and f(z) =of|z|) as
|| —0. If the eigenvalues of 4 have negative real parts, then the: Solution
z =0 of (6.3) is uniformly asymptotically stable. If one eigenvalue of 4 has a
positive real part, then the solution =0 is unstable.
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The next example due to C. Olech shows that the dimension of the stable
and unstable manifolds may increase under perturbations which are con-
tinuous and o(|z|) as |#| =0, but which are not differentiable at z = 0. Let
&(x), — o0 <z <00, be any function with continuous second derivatives in a
neighbprhood of =0, £(0) = £'(0) =0, £(z) # 0 for  # 0 and £(x) + z€'(x)
=0(|z|) as z—0. For any a, let (a, y) be any continuously differentiable
function, 0 < (a, y) <1, —o0 <y <00, Y(a, 0) =1, Y(a, —a) =0. Consider
the second order equation
(6.22) % = —x1,

gy =xp — P(§(21), 22 — £(@1))[€(21) + 21" (21)]-

Under the above hypotheses on £, i, we see that the perturbation is o(|z|) as
|2| =0, & = (1, z2). Also, x5 =0, 21 = e %a, and zz = £(21), 21 = e~*a, where
a is arbitrary, are solutions of (6.22). These solutions approach zero as ¢ — oo,
the corresponding orbits belong to the stable manifold of x = 0, and obviously
these orbits are distinct. The fan near # =0 consisting of the orbits of the
solutions whose initial values are between the curve zs =0 and z = £(x;)
in Fig. 6.3 must also belong to the stable manifold of the solution z =0 of
(6.22). In fact, one easily shows that the perturbation being o(|z|) as |z| —0
implies there is a cone enclosing the positive x;-axis so that near £ =0 the
tangent vector to any orbit cannot be perpendicular to the z;-axis. This
immediately yields the result.

x2

S
\\\\\\\\\\\\

W;ﬁn;;

x2 = £(x1)

Figure 111.6.3

III.7.| Linear Periodic Systems ]

Consider the homeogeneous linear periodic system

(1.1) g=A(t)r, A(t+T)=AFt), T>0
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where A(t) is a continuous! n X n real or complex matrix function of ¢. Our
first objective in this section is to give a complete characterization of the
general structure of the solutions of (7.1).

LEMMA 7.1.] If C is an » X » matrix with det C #0, then there is a
matrix B such that C = eB.

Proor. If P is nonsingular and there is a matrix B such that C =B,
then P-10P = eP'BP_ Therefore, we may assume that C is in Jordan
canonical form; that is,

C =diag(Cy, ..., Cp),

Cj=)\jI+Rj,
010 ---0
001 ---0
Rj= . . . .
000 ---1
000 ---0

By hypothesis, each A; #£0, j=1,2, ..., p. To prove the lemma, it is suffi-
cient to show that each C; can be written as C; = eBs. Therefore, we drop the
subscripts and suppose C =M + R where A #0 and R is a matrix of the
same type as the R; above; in particular, R¥ =0 for all k£ = m, for some
integer m. Since A #£ 0, C'=A(I + R/]). Let

B £ (log M) + 8,

m—1(—R)J
S=— .
Ry

The matrix S is the matrix power series obtained by taking the power series
for log(1l +t) near ¢ =0 and replacing ¢t by R/A. Since R¥* =0 for k = m,
there is no problem of convergence. On the other hand, one can show directly
by substitution in the power series for eB that C = eB. The lemma is proved.

ExErcise 7.1. For any real matrix D, det D 0, show there is a real
matrix B such that eB = D2, If C is a real matrix in Lemma 7.1 and there is a
real matrix B such that ¢eB =, must there exist a real matrix D such that
C = D2?

I THEOREM 7.1. gFloguet!’ Every fundamental matrix solution X(¢) of
(7.1) has the form

(7.2) X (t) = P(t)eBt
where P(t), Bare n X n matrices, P(t + T') = P(t) for all ¢, and Bisa constant.

1 This assumption is for simplicity only. The theory is valid for 4(¢) which are periodic
and Lebesgue integrable if (7.1) is required to be satisfied except for a set of Lebesgue
measure zero. No changes in proofs are required.
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Proor. Suppose X(t) is a fundamental matrix solution of (7.1). Then
X(t+ T) is also a fundamental matrix solution since A(#) is periodic of
period T. Therefore, there is a nonsingular matrix C such that

X(t+ T) = X(#)C.

From Lemma 7.1, there is a matrix B such that C = ¢BT. For this matrix
B, let P(t) = X(t)e~Bt. Then

P(t+T)=X(t+ T)e Bt+T) = X(t)eBTe-B(t+T) = P(t),
and the theorem is proved.
CorOLLARY 7.1.] There exists a nonsingular periodic transformation of
variables which transforms (7.1) into an equation with constant coefficients.
Proor. Suppose P(t), B are defined by (7.2) and let 2 = P(t)y in (7.1).
The equation for y is

y = P-1(AP — P)y.
Since P = Xe~Bt, it follows that P = AP — PB and this proves the result.

ExERCISE 7.2. Prove that B in the representation (7.2) can always be
chosen to be a real matrix if 4(t) in (7.1) is real and it is only required that
P(t 4 2T) = P(t).

Theorem 7.1 states that any solution of (7.1) is a linear combination of
functions of the form e**p(t) where p(t) is a polynomial in ¢ with coefficients
which are periodic in ¢ of the same period as the period of the coefficients in

_the differential equation,
A of (7.1) is a nonsingular matrix C associated with a
fundamental matrix solution X(t) of (7.1) through the relation X(¢

X (t)C.|The eigenvalues p of a monodromy matrix are called thejcharacteristic
multipliersJof (7.1) and any A such that p =e*T is called a characteristic
exponentof (7.1). Notice that the characteristic exponents are not uniquely
defined, but the multipliers are. The real parts of the characteristic exponents
are uniquely defined and we can always choose the exponents A as the
eigenvalues of B, where B is any matrix so that C = ¢BT [The characteristic
multipliers do not depend upon the particular monodromy matrix chosen;
that is, the particular fundamental solution used to define the monodromy
matrix. In fact, if X(t) is a fundamental matrix solution, X(t + 7T') = X(¢)C
and Y (¢) is any other fundamental matrix solution, then there is a nonsingular
matrix D such that Y(f) =X(t)D. Therefore, Y(t+ T)=X(t+ T)D =
X(t)CD = Y(¢)D-1CD and the monodromy matrix for Y () is D-1CD. On the
other hand, matrices which are similar have the same eigenvalues. We shall
usually use the term monodromy matrix for X(7') where X(t), X(0) =1 is
a fundamental matrix solution of (7.1).
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‘ I LEMMA 7.2.' A complex number A is a characteristic exponent of (7.1)
if and only if there is a nontrivial solution of (7.1) of the form etp(t) where
p(t + T) = p(t). In particular, there is a periodic solution of (7.1) of period T'
&(or 2T but not T) if and only if there is multiplier = +1 (or —1)

Proor. Iferp(t), p(t + T) = p(t) # 0, satisfies (7.1), Theorem 7.1 implies
there is an 2o = 0 such that eAp(t) = P(t)eBtxg. Thus, P(t)eB![eBT — eAT]]xy
=0 and, thus, det(eBT — eAT]) = 0. Conversely, if there is a A such that
det(eBT — eAT]) =0, then choose xp 7% 0 such that (¢eBT — eATI)xy =0. One
can choose the representation (7.2) so that A is actually an eigenvalue of B.
Then eBtxy = ertxg for all ¢ and P(t)eBtxy = P(t)xge?t is the desired solution.
The last assertion is obvious.

Lemma 7.3. If pj=eAlT, j=1,2,..., n, are the characteristic multi-
pliers of (7.1), then
T
(7.3) [Tiip= eJ.i:p(J‘0 tr A(s) ds),

n 1 T 71
j; A= 7 fo tr A(s) ds (mod T)

Proor. Suppose C is the monodromy matrix for the matrix solution
X(t), X(0) =1, of (7.1). Then Lemma 1.5 implies

det C =det X(T') =exp(J.Ttr A(s) ds)).
0

The statements of the lemma now follow immediately from the definitions of -
characteristic multipliers and exponents.

‘ I THEOREM Zﬁil (i) A necessary and sufficient condition that the system

(7.1) be uniformly stable is that the characteristic multipliers of (7.1) have
modulii <1 (the characteristic exponents have real parts <0) and the ones
with modulii =1 (the characterlstlc exponents with real parts =0) have
simple elementary divisors.

(ii) A necessary and sufficient condition that the system (7.1) be
uniformly asymptotically stable is that all characteristic multipliers of (7.1)
have modulii <1 (all characteristic exponents have real parts <0). If this
is the case and X(t) is a matrix solution of (7.1), there exist K >0, o >0
such that

| X () X-1(s)| £ Ke~at-9), t=s.

Proor. The proof is essentially the same as the proof of Theorem 4.2
if one uses Corollary 7.1.

At first glance, it might appear that linear periodic equations share tho
same simplicity as lineat equations with constant coefficients. However, there
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is a very important difference—the characteristic exponents are defined only
after the solutions of (7.1) are known and there is no obvious relation between
the characteristic exponents and the matrix 4(t).[The following example

“illustrates that the eigenvalues of the matrix 4 (£) cannot be used to determine
the asymptotic behavior of the solutions.

Example 7.1. (Markus and Yamabe [1]). If

. 3 3 .

—1+§cos2t 1—-2-costs1nt
(7.4) A(t) = . ,

—l—ésintcost —1+§sin2t

then the eigenvalues Ai(t), Aa(f) of A(f) are Ay(f) =[—1 +iﬁ]/4, Aa(t) =

A1(t) and, in particular, the real parts of the eigenvalues have negative real
parts. On the other hand, one can verify directly that the vector

t
(—cos t, sin t) exp (5)

is a solution of (7.1) with A(t) given in (7.4) and this solution is unbounded
as t — 00. One of the characteristic multipliers is 7. The other multiplier is
e~27 gince (7.3) implies that the product of the multipliers is e==.

The problem of determining the characteristic multipliers or exponents1
of linear periodic systems is an extremely difficult one.] Except for scalar
second order equations and, more generally, Hamiltonian and canonical
systems, very little is known at all. Even the equations of the form # = Az
+ e®(t)x where ¢ is a small parameter, 4 is a constant matrix and x is a
vector of dimension >2 are extremely difficult and exhibit very striking
behavior. This shall be illustrated in a later chapter by means of examples.

III.8.| Hill’s Equation

In this section, we give a rather detailed discussion of the stability
properties of the Hill equation,

(8.1) Y+ (@+o®)y=0, ¢+ m) =),

where @ is constant and ¢ is assumed real and continuous. Actually, there is
no change in the theory if ¢ is integrable and bounded, but in such a situa-
tion, we have to say the equation is satisfied almost everywhere.

The ultimate goal is to characterize the values of the parameter a for }
which there is stability of the equation] The previous section implies this is
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equivalent to determining the qualitative structure of the characteristic

multipliers of (8.1} as a function of a.
Equation (8.1) is equivalent to the system

(8:2) & =[C(a) + A(t) I, A(t)=[_g(t) g]’ = m

0 1
C(a) = —a 0].
Suppose
def [41(8)  2(t) _
(8.3) X@)= [zh(t) g]z(t)]’ X0)=1,

is the principal matrix solution of (8.2) at t = O.]The characteristic multipliers
of (8.2) are the eigenvalues of the matrix X(=); that is, the roots of the
equation

det(X(m) — plI) =0.

Since tr [C(a) + A(t)] =0, (7.3) implies that the characteristic multipliers are
the roots of the equation

(84) p* —2B(a)p+1 =0,

2B(a) =tr X(7) = y1(m) + Ya(w)

_where are the solutions of (8.1) defined above. From Chapter I, the
function B(a) is entire in the parameter a. :

In view of Lemma 7.2 and the fact that the multipliers p;, p2 of (8.4)
satisfy p1pe =1, the equation (8.1) can be stable only if |p1| =|ps| =1. The
next lemma shows this can never be the case if & is complex.

LEmmA 8.1, JIf a is complex, Im a 0, equation (8.1) is unstable and
no characteristic multiplier of (8.4) has modulus 1.

Proor. As remarked above, equation (8.1) can be stable only if both
characteristic multipliers have modulii one. Therefore, the lemma is proved
if we show no characteristic multiplier has modulus one if @ is complex.
If a characteristic multiplier has modulus one, then Lemma 7.2 implies
there must be a solution of (8.1) of the form ef4p(t) where A is real and
p(t+4m) =p(t) #£0. If ethp(t) =u+ iv, a = a + 1B, u, v, a, B, real, then

i+ [+ $(O)Ju = o,
5+ [+ ()] = —Bu.
This implies
v — du = B(u2 + v2)
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and, thus, upon integrating,

def

¢ ¢
B [ Ip(o)2 ds B [ ut(o) + o2(e)] ds =(e)o(t) —o(0pult) +o

where c is a constant. Since the right hand side is bounded for all ¢ and p is
periodic of period 7 this gives a contradiction unless either 8 =0 or p =0.
This proves the lemma.

Lemma 8.2. The equation B2a) =1 can have only real solutions.
B(a) =1 (or —1) is equivalent to the statement that there is a periodic
solution of (8.1) of period = (or 2m). If @ is real, then B2(a) <1 implies all
solutions of (8.1) are bounded and quasiperiodic on (—o0, 00). If a is real
and B2(a) > 1, there is an unbounded solution of (8.1).

Proor. The roots py, p2 of (8.4) are p1 = B(a) + ./ B%(a) — 1, p2 = B(a)
—/B2(a)—1. If B%a)=1, then p; =pz=B(a)= 41 and Lemma 7.2
yields the statement concerning periodic solutions. This implies B2(a) =1
can have only real solutions from Lemma 8.1. If a is real, then B(a) is real
and B2(a) <1 is equivalent to p; = p2, p1 # p2, |p1| =1. Lemma 7.2 implies
the existence of two linearly independent solutions which are quasiperiodic.
Thus, every solution is quasiperiodic. If B2%(a) > 1, then one characteristic
multiplier is >1 and one is <<1. Theorem 7.2 completes the proof of the lemma.

Lemmas 8.1 and 8.2 imply that system (8.1) can never be asymptotically
stable. In the remainder of the discussion, the parameter a is taken to be real.
An interval I will be called an a-interval of stability (instability) of (8.1) if for
each a in I, equation (8.1) is stable (unstable). Lemma 8.2 implies that the
transition from an a-interval of stability to an a-interval of instability can
only occur at those values of a for which B2(a) =1. Therefore, the basic
problem is to find those values of a for which B2(a) =1 and discuss the be-
havior of the function B(a) in a neighborhood of such values. Theorem 8.1
below gives a qualitative description of the manner in which the a-stability
and a-instability intervals of (8.1) are situated on the real line. The following
lemmas lead to a proof of this theorem.

Lemma 8.3. Ifa -+ ¢(t) < Oforalltin [0, ], then there is an unbounded
solution of (8.1}. If, in addition, @ + ¢(t) is not identically zero, then B(a) > 1.

Proor. As before, let yi(¢) be the solution of (8.1) with »;(0) =1,
71(0) =0, and let () = —(a + ¢(¢)) = 0. From (8.1),

¢
(8.5) (202 =2 [ $lolya(s)ga(s) ds

for all t= 0. Since %1(0) =1, #1(0) =4(0)y1(0) = 0. Thus, #;(!) =0 on an
interval 0 < ¢ < 7. If #,(t) =0 for all ¢t = 0, then y;(f) =1 is a solution of
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(8.1) which implies @ + ¢(t) = 0 for all t and conversely. In this case, there are
unbounded solutions since y(f) =t is a solution. Suppose a + ¢(¢) is not
identically zero and let % be such that y;(t) =0 for 0 < ¢t < % and, for any
7> 0, there is a ¢ in (7, p + 7) such that 71(t) # 0. Such an 7 always exists.
One can choose 7 so small that yi1(s) >0 for 0 < s < + 7. Since (s) = 0,
it follows from (8.5) that y1(f) > 0 on (v, p + 7). The right hand side of (8.5)
is a nondecreasing function of ¢ and, therefore, y1(t) >0 for all ¢ > and
#1(t) is monotone increasing for ¢ = 7. Finally

yl(t>=1+j;y1<s>dsg 1 +f+ ga(s)ds 2 1+ galn + 1)t —n —7)
n+7T

for t 2 n+ 7, 7 >0. Since y1(y + 7) >0, this shows y;(t) is unbounded and

proves the first part of the lemma.

To prove the second part of the lemma, we first recall the fact that we
have just proved that y;(t) = O for all ¢ and, also, y1(w) > 1. Now, consider
the solution ys(t) of (8.1) with y2(0) =0, ¥2(0) =1. The function ya(t) will
satisfy l

(ga(®)? =1+ 2 j; eyl gals) ds.

Since )(s) =0 and is not identically zero, it follows that yz(m) > 1. There-
fore, 2B(a) = y1(7) + y2(7) >2 and the lemma is proved.

Lemma 8.3 shows that @ +¢(f) must take on some positive values if the
solutions of (8.1) are to remain bounded. Since ¢ is bounded, there is an a*
such that a* 4 ¢(t) <0. Thus B(a) >1 and the equation (8.1) is unstable
for —o0 < a <a*. We show below that this a-instability interval is bounded
above.

Lemma 8.4. The functions B(a) — 1, B(a) + 1 have an infinite number
of real zeros {ag <a1 <az--‘}, {a}f <a} <---}, respectively, and a,,af
approach + oo as k— oo.

Proor. We actually show that B(a) is an entire function of order 1/2,
that is, B(a) is an entire function and, for any & >0, | B(a)| exp[|a|**1/2] -0
as |a|—oo and, for <0, this functionis unbounded. Since anyentirefunction
of fractional order must have an infinite number of zeros, it follows that the
functions B(a) — 1, B(a) + 1 must have an infinite number of zeros: Lemma
8.2 implies these zeros are real. The only possible accumulation point of the
zeros is 4 oo, but the remark after Lemma 8.3 implies the accumulation
point must be +co.

If X(t) is defined as in (8.3), then

X()—1I+ f; [C(a) +A()]X(s) d.
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Denote the right hand side of this integral equation by (7X)(t) and define the
sequence {X®} of functions by X© =1, X*+) =TX®, k=0,1,....
Each function X () is an entire function of a. Suppose a belongs to a compact
set V and ¢ is in a compact set U. Exactly as in the proof of the power series
representation of e4! (see Section 4), one shows the sequence X&) () =
X *®)(t, @) converges uniformly to X(t) =X(¢, @) for ¢ in U, a in V. Therefore,
X(¢, a) is an entire function of @ and B(a) is an entire function of a.

To show the order relation, let w2 =a and consider the variation of
constants formula for (8.2) treating A(t)x as the forcing function. If y;, ys
are defined as above, then

¢
(8.6) y1(t, @) = cos wt — f w1 sin w(t — 8)P(s)y1(s, a) ds,
0
¢
ya(t, a) = w1 sin wt —f w1 8in w(t—s)d(s)yz(s, a) ds.
0
Since |w™! sin wt| Sel@lt, |cos wt| Selwlt, t > 0, if |w| = 1, it follows that
t
lys(t, @)] < elett +Kf elolt-dyy(s, a)| ds, j=1,2,
0

for 0 £ t £ 7, where K is a bound on ¢. If z(t) =e~1@l¢|y,(t, a)|, then
2(8) <14+ K rz(s) ds.
0

Gronwall’s inequality implies 2(t) < et < eK#, 0 <t <, and, therefore,
lys(t, a)] < eEmelolt, 0 <t < 7, j =1, 2. Since y2(t, a) satisfies

y2(t, @) =cos wt — f t cos w(t — s)(s)yz(s, a) ds,
0

we have the existence of a constant L such that |y2(t, a)] < Lelo¥, 0 <t <m.
Therefore, the order of B(a) is <1/2.

To prove the order is =1/2, it is no loss in generality to assume that
é(t) £ —1 for all t. In fact, we can always replace ¢ by ¢ — M —1, a by
a -+ M 4 1, where M is a bound on |¢(¢)|. Also, choose a <0 so that\/; =i
with p > 0. For a <0, ¢(t) < —1, it was shown in the proof of Lemma 8.3
that y1(¢, @) > 1, ya(t, @) >1 for t > 0. This fact, —¢(¢) =1 and (8.6) imply
that

¢
7t a) = f cosh u(t —s)yi(s, a) ds
0
¢
= f cosh u(t —s) ds
0

sinh ut
143
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Thus, yi(t, a) = (e#* —1)/2u2 4+ 1 for all ¢ in [0, w]. Since ya(w, a) =0, it
follows that B(a) is of order at least 1/2. This completes the proof of the
lemma.

LEmMA 8.5. If b is a root of B(a) =1 such that B’(d) d;de(b)/db <0

then B’ (@) <0 for b <a<c* provided B(a) > —1 on this interval. If b*
is a root of B(a) = —1 such that B’(b*) = 0, then B’(a) >0 for b* <a <c
provided B(a) <1 on this interval.

Proor. Let X(t, a) = X(t) be defined as in (8.3). From Lemma 1.5,
det X(¢) =1 for all ¢, and, thus,

o [ e —we®)
X 1“"[—%«) m(t)]‘

Also, from Theorem 1.3.3 and the variation of constants formula for a linear
system,

oX(t,a) . oC(a)
—— =X(t,a) fox (s, @) —— X(s, a) ds,
where C(a) is the matrix in (8.2). Thus,
aC@) [ o o],
oa  |—1 0

In the same way,

2X(t, a)
oa?

oC(a) 0X(s, a)
oa ds

2
—2X(t, a) f X-1¢, a) -
0

From the definition of B(a), these relations imply
(8.7) 2B'(a) = (« — B) f Y1Y2 ds — B f yids+a f yZ ds,
0 0 0

. T oy T Oy1 T Oye T Oy

" — I dS _ I o _Je . _Je
B'(a) =« fo Y2 - B fo Y1 ds+a fo Y2 - ds BJ.O Yy, ds,
where for simplicity. in notation o =a(a) =yi(m, a), B =PB(a) =yz(w, a),
& = a(@) = y1(m, a), B =PB(a) =ya(m, a). Using the fact that det X() =1

for all ¢, we have
(88) 4(B% —1) = (x + P)2 — 4(af — B&) = (x — P)2 + 44f.

Suppose b is such that B(b) =1 and B’(b) < 0. We wish to prove there
is a & > 0 such that B’(a) <0 for b <a <b+ 8. If B'(b) <0, it is clear that
such a & exists. Suppose B'(b) = 0, B(b) = 1. For this value of b, Relation (8.8)
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implies 4&B = —(a— f)*. From (8.7), we have
[ ) ” . ]. 3 2
2a8'®) = [, [&9: + 3@—Bm] =0

and thus, &y, (s) + (& — ﬁ)yl(s)/2 Ofor0<s< m. Since vy, v, are linearly
independent, we have @ = 0, a = B. Since B (b) = 0, relation (8.7) implies
B = 0. The fact that & + § = 2B(b) = 2 implies « = § = 1. Also, direct evaluation
in (8.7) and an integration by parts yields

B'(b) = ( f:yl Y dS)z - f:y% ds f:yﬁ ds.

The Schwarz inequality implies B”(b) <O since the functions y;, y2 are
linearly independent. Therefore, there must be a & such that B’(a) <0 for
b<a<b-+é.

Suppose now there is a c¢* such that B'(a) <0 for b <a <c*
and B'(c*) =0 with B(c*) > —1. Then B2(c*) —1 <0 and (8.8) implies
a(c*)B(c*) <0 and, in particular, a(c*)#0. One easily shows from (8.7)
and (8.8) that

4 R 2 (4
2aB'(a) = fo (&y2 + %(a—ﬁ)yl ) ds—i—(Bz -1) fo yi2ds

for any a such that a(a) #0. Since B2(c*) <1, a(c*) #0, it is clear that
B’(c*) £ 0, which is a contradiction. This proves the lemma for the case
B(b) =1. The case B(b) = —1 is treated in essentially the same manner to
complete the proof of the lemma.

In the middle part of the proof of this lemma, the following relationship
was proved.

Lemma 8.6 If for a particular b, B2(b) =1, B'(b) =0, then B"(b) <0
if B(b) = 1, and B"(b) > 0 if B(b) = —1. In particular, a root of B%(b) = 1 can
be at most double. A necessary and sufficient condition for a double root at b is

yi(m, b) = ya(m, b) =1 (or —1), ga(m, b) =ya(m, b) =0
LemMma 8.7. If a is the smallest root of the equation B2(a) =1, then
ag is simple and B'(ag) < 0.

Proor. From Lemma 8.3, B(a) >1 for a <ag. If ap were a double
root of B(a) =1, then Lemma 8.6 would imply it is a maximum, which is
impossible. This proves the lemma.

By combining the information in the above lemmas we obtain
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TueorEm 8.1. There exist two sequences {a, <a, < a, < -}, {af =
a¥ < a¥ < -} of real numbers, a,, a¥ — co as k— oo,

ay<a¥=<a¥f<a,Sa,<af<af<az=sa, <,

such that equation (8.1) has a periodic solution of least period = (or 27) if
and only if @ = aj for some £ =0,1,2,... (or af for some k=1.2,...). The
equation (8.1) is stable in the intervals

(ag, af), (a¥, a1), (@, , a3), (a¥, ag), ....
and unstable in the intervals
(—CD, a’o]’ (arx a;), (ala a2)7 (a’; ’ at)) (a3, 014), st

The equation (8.1) is stable at a,; , ; or ay, , , (or af; , ; or ay, , ,) if and only if
Aop 1 =gy (OT @y, | =a%2), k2 0. Equation (8.1) is always unstable
if @ is complex.

Proor. We remark first of all that (8.1) is unstable if @ is complex
(Lemma 8.1). Lemma 8.4 implies the existence of the two infinite sequences
{a,}, {a}}. Lemma 8.3 implies a, # —co. Lemma 8.3 and 8.7 imply that the
first zero of B2(a) =1 is ag, it is simple and (—o0, a¢] is an interval of in-
stability. Lemma 8.5 implies a, < a} and Lemmas 8.5 and 8.2 imply (a,, af)
is an interval of stability. If the equation (8.1) is stable at a¥, then B(a) = —1
would have a double root at a}. Lemma 8.6 would imply B(a) has a minimum
at a¥ and then Lemma 8.5 implies a} = a¥. If a} <ay then B(a) < —1 for
a¥ <a <a¥ and Lemma 8.2 implies (a}, a¥) is an interval of instability.
Lemma 8.5 implies a¥ < a, and the argument proceeds inductively to yield
the theorem.

The accompanying Fig. 8.1 is a possible graph of the function B(a).

The previous analysis of the general equation (8.1) has shown that it is
extremely difficult to decide whether or not the solutions of (8.1) are bounded
for a given @ and ¢. On the other hand, the general theory has pinpointed the
computations that are necessary to decide this question; namely, the deter-
mination of those special values of a for which there exist solutions of period
7 or 27 and the number of such linearly independent solutions for these
values.

One very important special case of (8.1) for which we can give some
explicit conditions on the coefficients for which there is stability is the
Mathieu equation

d2y
(8.9) Y 4 (02 + 2 cos wr)y =0,
dr2
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B(a)

Figure 111.8.1

where o =0, ¢, w are real constants. If we let wr =2¢, this equation is
equivalent to

(8.10) i +((2_a)2 + —%—Z cos 2t)y =0,
w w

which is a special case of (8.1) with a = (20/w)?2, ¢ = (8¢/w?) cos 2t. Let us
investigate this equation for ¢ near 0. The equation for the characteristic
multipliers is

p2—2Bp+1=0,

where B = B(o, ¢, w) is a continuous function of o, ¢, w=1. For ¢ =0, a
principal matrix solution of (8.10) is

20 w . 20
cos —t¢ — sin —1¢
w 20 w
X=
20 . 20 o
— —sin —¢ cos —¢
w w w

Therefore, B(o, 0, w) =cos 2mo/w and B2(0,0,w) <1 if 205#kw [or
a#k?], k=0,1,2,.... Thus. for any o and w for which 2¢ 5 kw, there
is a ¢ =¢q(o, w) such that B2%(o,q, w) <1 and the equation (8.9) is stable
(Lemma 8.2). These stability regionsareshown in the (02, g)-plane in Fig. 8.2.

One can give a very geometric proof of this stability result in the
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Figure 111.8.2

following way. If p,, p, are characteristic multipliers of (8.9), then p;!, p5?
are also characteristic multipliers since pjpz =1. Also, since o, ¢, w are real
p1, p2 are multipliers. Therefore, if p1 % p2, |p1| =|p2| =1 for ¢ =0, then
|p1| =|p2| =1, p1#pe for g sufficiently small since the multipliers are
continuous functions of q.

To determine whether or not (8.9) is stable or unstable for o2 = (kw/2)2,
k an integer, is extremely difficult. Analytical methods applicable to this
problem will be discussed in a later chapter. For equation (8.9), in any neigh-
borhood of any of the points (0, [kw/2]2), k an integer, it can actually be
shown there are values of (o2, ¢) such that (8.9) is unstable.

There are a large number of results in the literature which are concerned
with the estimation of the stability regions in Theorem 8.1 in terms of the
function a + ¢(¢) in (8.1). We give a theorem of Borg [1] on the first
stability region which generalizes a result of Liapunov [1].

| TEOREM 8.2. | If p(t + ) = p(t) £ 0 for all ¢, f;'p(t) dt >0, p(t) is con-
tinuous, real and

[ o) dt <4,
0
then all solutions of the equation

(8.11) i+ p(t)u =0,

are bounded on (—o0, 0).

Proor. It is ouly necessary to show that no characteristic multiplier
of (8.11) is real. If a characteristic multiplier p of (8.11) is real, then there is a
real solution u(t) # 0, u(t + w) = pu(t) for all t. Either u(t) 7~ 0 for all ¢ or it
has infinitely many zeros with two consecutive zeros @,b,0<b —a < 7.
In the first case ufw) = pu(0), w(w) = pu(0) and u(w)/u(m) = 4(0)/u(0). Since
iiju + p =0, an integration by parts yields

f e )dt+f p(t) dt =

u2(t)
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which is impossible from the hypothesis on p. In the second case, we may
assume that u(f) >0 on a <t <b. Let u(c) =max,_,_,|u(t)|. The hypothesis
on p implies

2 bojaz f““

l @)\

f Jite) de 2 — |u<a) — (B,
for any «, Bin (4, b). From the mean value theorem, there exist «, 8 such that
(o) = u(c)/(c —a), —u(B) =wu(c)/(b — c). Therefore,

4> 1 1 . b—a > 4 Z4
7 c—a+b—c—(c——a)(b—c)=b—a 7’

since 4xy < (z + y)2 for all z, y. This contradiction shows that the character-
istic multipliers are complex and proves the result.

ExERcISE 8.1. Consider the equation
(8.12) i+ [a —2¢8(t)Ju =0,

where S(t)=+1 if —7w/2<t<0, =—1 if 0=t <72, S(t+ =) =8(t)
for all . Show that every neighborhood of a point (ag, 0), ap >0, in the

(@, ¢) plane where cos m,/ag = +1 contains points for which (8.12) has
uhbounded solutions. Hint: If a >|2¢|, 72 =a + 29, s2 =a —2q, one can
show that 4 = (p1 + p2)/2 is given by

A =£;;[(s+r)2 cos-;z(s—i-r) ——(s—r)zcos;—r(s—r)].

I1.9. Reciprocal Systems

Consider the system
(9.1) 2=A(t)x, AL+ T)=A(t), —o0 <t < o0,

where A(t) is a continuous real or complex n X n matrix and 7 >0 is a
constant. Following Lyapunov, system (9.1) is calledif for every
characteristic multiplier p of (9.1) the number p-! is also a characteristic

‘ multiElier.llf 4 is real, the characteristic multipliers occur in complex
conjugate pairs and (9.1) will be reciprocal if p a characteristic multiplier
implies p~1 is a characteristic multiplier. Let o/ designate the Banach space
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of continuous real or complex valued n X » matrix functions A(?),
—o0 <t < oo, At + T) = A(t) with |A| =sup o<, <p|A(t)].2

If A in o/ is reciprocal, then Theorem 7.2 implies that (9.1) is stable if
and only if all characteristic multipliers of (9.1) have simple elementary
divisors and modulii equal to 1. Therefore, stability of reciprocal systems
(9.1) is equal to boundedness of the solutions on (—o0, c0). We shall say
(9.1) is stable on (— o0, c0) when all solutions are bounded on (—o0, o). An
element A of &/ is said to be strongly stable on (— o0, o) relative to a set
# in o if there is a 6 > 0 such that the system

(9.2) & = B(t)x,

is stable on (—oo, oo) for all Bin % with |4 — B| < 8. We let Z. designate
the set of 4 in &/ for which (9.1) is reciprocal.

LEmma 9.1. If A is in R and po = po(4), |po] =1, is a simple char-
acteristic multiplier of (9.1), then there is a 8¢ > 0 such that the system (9.2)
has a simple characteristic multiplier po(B), |po(B)| =1, for every B in Z4
with IA — Bl < d.

Proor. Suppose 4 in 4/ and pg = po(A4) is a simple characteristic
multiplier of (9.1), |po] =1. Formula (1.11) implies that the matrix solution
X 4(t); X 4(0) =1, of (9.1) is a continuous function of 4 in &. In particular,
the characteristic multipliers of (9.1) are continuous functions of 4 in .
Therefore, there is a disk Dg(po), ¢ >0, in the complex plane of radius ¢
and center po and a &; >0 such that (9.2) has exactly one characteristic
multiplier po(B) in De(po) for all B in Z4, |A — B| <$&;. Since (9.2) is
reciprocal, p~1(B), is also a characteristic multiplier. But, py1(B)=
po(B)/|po(B)|2 # po(B) unless |po(B)| =1. On the other hand, the hypo-
thesis |po(4)| =1 implies g5 1(A4) = py(4) and by continuity of py(4) in 4,
we can find a 8, <8, such that py1(B), py(B) belong to Dy(p,) if |4 — B|
<8¢, B in . This implies |po(B)| =1 for |4 — B| <&y, B in s, and
proves the lemma.

TrEOREM 9.1. If 4 is in 4/ and all of the characteristic multipliers
of (9.1) are distinct and have unit modulii, then 4 is strongly stable relative to 2.o¢.

Proor. Thisisimmediate from Lemma 9.1 and the Floquet representa-
tion of the solutions of a periodic system.

LeMMa 9.2. If A in & is real and there exists an » X n nongingular

2If A is not continuous but only Lebesgue integrable, then the results below are valid
with |4| = [T|4(s)| da.
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matrix D such that either

(i) DA(t)=—A(—t)D
or
(i) DA()=—A'(t)D, (A’ is the transpose of A4)

then 4 is in 24. In (i) the principal matrix solution X(f) satisfies
X-1(—t)DX(t) = D and in (ii) it satisfies X'(£)DX(t) = D for all ¢.

Proor. Let X(t), X(0) =1, be a matrix solution of (9.1). If Y(¢),
Y(0) = Yy is an = X » matrix solution of the adjoint equation y = —yA(t),
then Y (8)X(t) = Y for all ¢.

Case i. If DA(t)= —A(—t)D, then Y(t) = X-1(—t)D satisfies the
adjoint equation. In fact, Y(f)= —X-1(—t)D=X"Y—t)A(—t)D=
—X-1(—t)DA(t) =—Y (t)A(t). Therefore, X—1(—t)DX(t) = D which implies
X(t) is similar to X(—t) for all ¢. If X(¢) = P(t)eBt, then P(0) =1 and X(¢)
similar to X(—t) implies the roots of det(eBT — pI) =0 and det(e~BT — pl)
=0 are the same. Obviously, these roots are the reciprocals of each other
and this proves case (i).

Case it. If DA(t)= —A’(t)D, then Y (t) = X'(t)D is a solution of the
adjoint equation. In fact, ¥ =X'D=X'A'D= —X'DA = —YA. Thus,
X'(t)DX(t) = D for all ¢t and X'(¢) is similar to X~1(¢) for all ¢. The remainder
of the argument proceeds as in case (i).

By far the most important reciprocal systems are{Hamiltonian svstem.s_l
namely, the systems

(9.3) Ei = H(l)z,
where H' = H is a real 2k X 2k matrix of period 7,
[ o I
2= o

and Iy is the k X k unit matrixl Since B2 = —Ip;, B’ = —E system (9.3) is

a special case of system (9.1) with A = —EH and EA =H =H' =A'E' =
—A’'E. Thus, (9.3) is reciprocal since this is a special case of case (ii) of
Theorem 9.2 with D = E. Furthermore, the matrix solution X(t), X(0) =1
of (9.3) satisfies

(9.4) X'(tEX(t) = E.

The set of all matrices which satisfy (9.4) is called the real symplectic group
or sometimes such a matrix is called E-orthogonal.

A general class of complex reciprocal systems consists of the canonical
systems,

(9.5) Ji=H(t)z,
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where H is Hermitian (i.e. H* = H, where H* is the conjugate transpose of
H) and

[, o Y
(9.6) J—w[o _Iq], i=—1,

To prove this system is reciprocal, let X(t), X(0) =1, be a principal matrix
solution of (9.5). Then A = —JH is the coefficient matrix in (9.5) and

% X*()JX(t) = — X*@)H*(t)T*T X () — X*(t)J2H($)X(t) =0,

and X*(t)JX(t) is a constant. Since X(0) = I, we have
(9.7) X*()JX(t) =,

for all £. Thus X (7T) is similar to X*-1(T') and the result follows immediately.
Matrices which satisfy (9.7) are called J-unitary. Notice that J-unitary mat-
rices are nonsingular.

System (9.5) includes as a special case system (9.3) for the following
reason. Any two skew Hermitian matrices 4, B with the same eigenvalues
with the same multiplicity are unitarily equivalent; that is, if 4* = — 4,
B* = —B, then there is a matrix U such that U*U =UU*=1 and
U*AU = B. If, in addition, 4 and B are real, there is a real unitary (ortho-
gonal) matrix U such that U'AU = B. Since E is skew Hermitian with the
eigenvalue ¢ of multiplicity % there is a unitary U such that UEU* =J,
where J is given in (9.6) with p =q¢=Fk. If we let x = U*y then (9.3) is
transformed into (9.5) with H replaced by UHU*. A matrix U which accom-
plishes this is

1 Iy —il
9.8 U=— .
©8 V2 [—il e 1 k]
A special case of (9.5) is the second order system

(9.9) i+ Qu + P(tyu =0,
where u is a k-vector, @ is a constant matrix, @Q* = —Q, P*(t) = P(t). In
fact, system (9.9) can be written in the form

Kz = H(t)z,
where

K _ —Q —I . P(t) 0

x-—[u] K_[ ¢ ] H(t)_[ 09l

“There is a nonsingular matrix P such that PKP* = J and, therefore, the trans-
formation x = P*y reduces (9.9) to a special case of (9.5).
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Case (i) in Lemma 9.2 expresses some even and oddness properties of
the coefficient matrix A(t). To illustrate, consider the second order matrix
system

(9.10) i+ P(tyu =0,

where P(t+ T) = P(t) is a k X k continiious real matrix. This is equivalent
to the system of order 2%,

. | o Iy
(9.11) = A(t)x, At) = [—P(t) 0 ]
If P =(Psx), j, k=1, 2 is partitioned so that Pj; is an r X r matrix and Paq
is an s X s matrix with Pj(t) = (—1)/+*¥Py(—t), then (9.11) is reciprocal.
In fact, case (i) of Lemma 9.2 is satisfied with D = diag(I,, —I;, —1I,, I;).
An even more special reciprocal system is the system

(9.12) i+ Fu=0,
F = diag(o%, ey 02), 0;>0.

The matrix F is periodic of any period. For any period T > 0, the character-
istic multipliers of (9.12) are pgj—1 =pgj, paj—1=e%T, j=1,2,..., n
These multipliers are distinct if and only if

(9.13) 205 # 0 (mod w), o5+ 0xZ 0 (mod w), VESL2

where T = 2m/w. Consequently, if (9.13) is satisfied, Theorem 9.1 implies
there is a § >0 such that all solutions of (9.2) are bounded in (— o0, )
provided that B is in 2.4 and

|B—A| <8, A= [__‘} g]
and F is defined in (9.12). In particular, if ®(¢) = ®(¢ + T) is real, symmetric or
satisfies the even and oddness conditions above and (9.13) is satisfied, there is
an g > 0 such that all solutions of the system

(9.14) Wi+ (F + e®(t))u =0

are bounded in (—o0, o) for all |¢] < g9. Compare this result with the one
at the end of Section 8 for a single second order equation.

If some of the conditions (9.13) are not satisfied, it is very difficult to
determine whether there is an g9 > 0 such that solutions of (9.14) are bounded
for |¢| £ g9. For Hamiltonian systems, some general results are available
(see Section 10) but, for the other cases, only special equations have been
discussed. Iterative schemes for reaching a decision are available and will
be discussed in a subsequent chapter.
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If system (9.14) is not a reciprocal system, it can be shown by example
(see Chapter VIII) that even when (9.13) is satisfied, solutions of (9.14) may
be unbounded for any & 0.

ExErcise 9.1. Suppose B(t) is an integrable 7T-periodic matrix such
that the characteristic multipliers of # = B(t)x are distinct and have unit
modulii. If A(t) is an integrable T-periodic matrix such that = A(t)x is

reciprocal, then there is a 8 >0 such that fOT[A(s) — B(s)| ds < & implies
the equation & = A(t)x is stable on (—oo0, ). Hint: Use the continuity of

the fundamental matrix solution of & = A(¢)x in A which is implied by
formula (1.11).

II1.10. Canonical Systems

As in Section 9, let & be the Banach space of » X n complex integrable
matrix functions of period T with |A| = [T|A(t)|dt. Let ¥/ be the sub-
space consisting of those matrices of the form —JH, H* = H and

I, o0
(10.1) J =i [09 __Iq].

If 4 belongs to ¥, then the associated periodic differential system is a
canonical system

(10.2) Jé=H(t)y, H*=H,

Our main objective in this section is to give necessary and sufficient con-
ditions in order that system (10.2) be strongly stable on (— oo, c0) relative
to €.

We have seen in Section 9 that a canonical system (10.2) is reciprocal
and, therefore, stable on (—oo, o0) if and only if all characteristic multi-
pliers of (10.2) are on the unit circle and have simple elementary divisors;
or, equivalently, that all eigenvalues of the monodromy matrix S have simple
elementary divisors and modulii 1. This latter statement is equivalent to
saying there is a nonsingular matrix U such that

U-18U = diag(et, ..., et*s), v; real.

It was also shown in Section 9 that the monodromy matrix S of a
principal matrix solution of (10.2) is J-unitary; that is,

(10.3) S*JS = J.

Since the stability properties of (10.2) depend only upon the eigenvalues
of 8, we use the following terminology: A J-unitary matriz S is stable if all
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eigenvalues have modulii 1 and simple elementary divisors. A J-unitary
matriz S is strongly stable if there is a 6 > 0 such that every J-unitary matrix
R for which |R — 8| < § is stable.

Preliminary to the discussion of stability, we introduce the following
terminology. For any z, y in 7, define the bilinear form

{z, y> =1 ly*Jzx.

For Hamiltonian systems, the expression {z, y) is related to the La-
grange bracket. In fact, if U is given in (9.8) and x = U*u, y* =v*U, then
{u, v) =1"lw*Eu. For real vectors v, u, v*Eu is the Lagrange bracket.

Since 7-1J is Hermitian, it is clear that <{z, y) = <y,_x> and {z, x) is
real. The J-norm of x is <z, >. A subspace V of C" is called non-negative if
z, ) 2 0 for all z in V and positive if {(x, x> >0 for all £0 in V. Two
vectors z, y are called J-orthogonal if (z, y> =0. If (z, y)> =0 for all y, then
Jz =0 which implies « =0. This immediately implies that S is J-unitary
if and only if <8z, Sy) =<z, y> for all z,y. It is immediate from the
definition of J that the vectors el=(1,0;...,0), e2=(0,1,...,0), ..
er = (0,0, ..., 1) satisfy

(10.4) e, ek =0,  j#£k
el ey =1, 1<j<p,
(e ey=—1, p<jsn.

Lemma 10.1. Eigenvectors associated with distinct eigenvalues of a
stable J-unitary matrix are J-orthogonal. The eigenvectors of a stable
J-unitary matrix span C».

Proor. If z,y are eigenvectors associated with A, u, respectively,
A#p and |[A|=1, then (z,y)=<(Sz, Sy)=2Ailz,y>. If Az #1, then
{x,y> =0. Since the system is assumed stable z—1=pu and A # p imply
Al =A/u 5% 1. This proves <z, y) =0. The proof that the eigenvectors of a
stable J-unitary matrix span the space is now supplied in exactly the same
way that one proves the corresponding result for unitary matrices in linear
algebra.

LemMma 10.2. A nonnegative eigenspace V of a stable J-unitary matrix
is positive. A nonpositive eigenspace of a stable J-unitary matrix is negative.

Proor. Suppose V. is nonnegative. If z is in ¥V and (z, ) =0, then
for any y in ¥V and any complex number A,

0= y+ A, y+ M) =<y, y> + 2Red{=, y).

We must have <{z, y> = 0 for otherwise A could be chosen in such a manner
as to make this expression negative. Therefore, <z, y> =0 for all y in V. This
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fact together with Lemma 10.1 imply {x,y) = O for all y. Thus, z=0.
A similar argument applies when V is nonpositive and proves the lemma.

THEOREM 10.1. A matrix 8 is a stable J-unitary matrix if and only if
there is a J-unitary matrix U such that

(10.5) U-18U = diag(et, ..., ef*s),
where each y; is real.

Proor. Let G =diag(et, ..., et). If 8§ =UGU-1 and U is J-unitary,
it is clear that S is stable and J-unitary.

Conversely, suppose S is a stable J-unitary matrix and A =e# is an
eigenvalue of multiplicity 7. One can choose a J-orthonormal basis v1, ..., v"
for the eigenspace V, so that (v, v¥> =0, j#k, =41if j=k; j, k=1, 2,
..., r. For if not, there would be an eigenvector v such that v is J-orthogonal
to V;. This is impossible from Lemma 10.1 since it would imply » is J-
orthogonal to the whole space C*. Some of the v/ may have (v/, v/) = +1
and some may have this expression equal —1. From Lemma 10.1, we can
choose a J-orthonormal basis ul, ..., u of eigenvectors for the whole space
and we can order these vectors in such a way that (uf, u¥) =0, j#k,
(ud,w) =1, j<p’ and = —1 for p’ <j <n. But the law of inertia for
Hermitian forms and (10.4) imply that p’ =p. If U =(ul, ..., u"), then
(10.5) is satisfied. Furthermore, for the vectors e/ in (10.4), (Ue/, Ue*) —
{ud, uky = (eJ, ek for all j, k. Thus, (Uz, Uy) = (=, y) for all z,y and
U is J-unitary. This proves the theorem.

It was shown in the proof of the above theorem that for any stable
J-unitary matrix, a complete set of J-orthonormal eigenvectors #/ and
corresponding eigenvalues A; = ef” can be obtained. We shall say that the
eigenvalue ); is of positive type (or negative type) if (ul, w’) =1 (or —1). In
the Russian literature, the terminology is first kind (or second kind). There are
p eigenvalues of positive type and » —p of negative type. The following
theorem asserts that a stable J-unitary matrix is strongly stable if and only if
a multiple eigenvalue is not of both positive and negative type.

THEOREM 10.2. A stable J-unitary matrix is strongly stable if and only
if each of its eigenspaces is definite (that is, either positive or negative).

ProoOF. Suppose S is a stable J-unitary matrix and has an eigenvalue
A, |A] =1, whose eigenspace is not definite. Lemma 10.2 implies there are
eigenvectors vl,v2 such that (v1,v%2) =0, <(¥l,v!)=1, (2 o2 =—1.

Choose 23, ..., v®, J-orthogonal to v1, v2 so that !, ..., v® form a basis for
Cn, For any « = 0, define the linear transformation R: C* —C" by
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Ryl = 8[(cosh a)v! 4 (sinh a)v?],
Rv2 = §[(sinh a)v! 4 (cosh a)v?],
Rk = Svk, k=3,...,n.

One easily verifies that (Rv/, Rvk) = (v, vx) for all j, &k and, thus, the
matrix associated with the transformation R is J-unitary. Also, v! + 2 is an
eigenvector of R associated with the eigenvalue Ae?, and R has an eigenvalue
with modulus >1 for any « > 0. Thus, R is not stable on (— o0, o). Since R
approaches S as o — 0, this implies S is not strongly stable.

Conversely, suppose S is a stable J-unitary matrix whose eigenspaces
are definite. Let A, k=1,2,...,r, be the distinct eigenvalues of S with
multiplicity nx and let Vi of dimension n; be the corresponding eigenspaces.
Then

Cr=V:19 V2@ @V,

and we let Py denote the corresponding projection operators of C% onto V;
that is, for any z in O, Pyzisin Vi and Pyx =z if z is in V. These projec-
tion operators satisfy Py P; =0, j £k, P2 = Py, and can be defined by the
formula

1
(10.6) Pp=o— f (LI —8)-1de,

where yj is a positively oriented circumference of a circle with center Ax
and radius so small that it contains no other eigenvalue of 8. If R is any
n X n matrix with | R — S| sufficiently small, then each of circumferences yx
encloses exactly nj eigenvalues (counted with their multiplicities) of R.
Therefore, the integrals

1
__ — R)!
Q=g [ W—R71L
define projection operators @i of C* onto subspaces Wj of dimension ng
such that the Wy are invariant under R and C* =W, @ W2 @ - @ W,.
The subspace Wy is the algebraic sum of the generalized eigenspaces of R
associated with the eigenvalues of R enclosed by yx . Also, this formula shows
that Qx is a continuous function of R and |Qx — Px| -0 as R—S.

Our next objective is to show that {z, z) is definite on each W¥. For z
in Wy,

(z, ) = {Qkx, Qxx)
= ( Pz, Pyx) + {(Qx — Pr)x, (Qx — Pr)x)
+ 2Re( Py, (Qx — Pr)x).
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From the definition of <z, ), we have |<z, y)| £ |J| - |« - || for all z, y in
Cn. Also. since S is definite on eigenspaces, there is an o >0 such that
|[<z, )| = «|z|2 for all z in V; and each k=1,2, ..., r. Therefore, for x
in Wk) .

<z, )| 2o Pra|2 —|J]||@ — Pal? - ||> — 2] - | Pe] - |Qk — Prf?|]?

2 [x(1—|Qx — Pxl)2 —|J] - |Qx — Pi|? —2|J]| - | Px| - @& — Pa|]|[2.
Consequently, if |S — R| is small enough, the continuity of the projections
@k in R implies that

1
|<x,x>|g§a|x|2, zin Wy, k=1,2...,r.

Since each W¥ is invariant under R, for any integer m, it follows that
| Rmz|2 < 2071 | Rmz, Rmz)y| = 2 1|<x, x)| < 2071|J| - |22,

forall zin Wi, k=1,2,...,r, if R is J-unitary. For any « in C* we have
r=@Qix+ 4+ @,z and, thus,

| Rm2|? <2071 | J] [|@Qa] + - + Q| P[>

It is easy to see this implies all eigenvalues must have simple elementary
divisors and modulus 1. Thus, R is stable which in turn implies S is strongly
stable. This proves the theorem.

THEOREM 10.3. System (10.2) is strongly stable on (—oo, o) if and
only if the monodromy matrix is strongly stable.

Proor. It was remarked at the beginning of this section that (10.2)
is stable on (—o0, o0) if and only if the monodromy matrix is stable. Since
the solutions of (10.2) depend continuously upon A4 in &, then (10.2) is
strongly stable on (— oo, ) if the monodromy matrix is strongly stable.

Suppose now that the monodromy matrix S of the solution X(¢),
X(0) =1, of (10.2) is stable and not strongly stable. In the proof of Theorem
10.2, it was shown that any neighborhood of S contains a J-unitary matrix R
which has an eigenvalue with modulus >1. Since S-1R is nonsingular,
Lemma 7.1 implies there is a matrix F such that S-1R =eF. For |R —§|
sufficiently small, one can show directly from the power series representation
of eF or from the implicit function theorem that F can be chosen to be a
continuous function of R which vanishes for R =S. Furthermore, S-1R
being J-unitary implies e~F =J-1eF*J=¢/™' F*J and we can choose F so
that —F = J-1F*J. Therefore, F can be written as F = TJ-1G where G
is Hermitian and 7' is the period.

If we define Y(t) = X(t)et™'G, then Y(0)=1I, Y(T) =R, and Y(t) is a
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fundamental matrix solution of the canonical system
J& = L(t)x,

where L = H + X*-1GX-1. However, L(t) may not be periodic of period 7.
On the other hand, we can alter L(t) by a symmetric perturbation L;(t)
such that L(t) + Ly(t) is periodic of period T, f0T|L1(t)| dt < 8 for any pre-
assigned 8. If we let Y1(t), Y1(0) =1, be the fundamental matrix solution

with L replaced by L + L;, then formula (1.11) implies there is a constant K
such that

|Yy(T) — ¥(T)| < 8K.

Therefore, for & sufficiently small the monodromy matrix Y,(7") will have
an eigenvalue with modulus >1 and (10.2) is not strongly stable. This
proves the theorem.

If the eigenvalues ef*s of S in the representation (10.5) are ordered so
that the first p are of positive and the remaining » — p are of negative type,
then Theorem 10.2 states that a stable J-unitary matrix § is strongly stable
if and only if

(10.7) vZvg(mod27), 1=Zj<p<k<n.

If 8 is the monodromy matrix of a stable canonical system (10.2) and the
eigenvalues of § are denoted by ¢!®T, j=1,2,...,n, and ordered in the
same way as above, then Theorem 10.3 implies that the canonical system is
strongly stable on (— oo, oo) if and only if

(10.8) 0; % 0 (mod 27/T), 1=5j<p<k=n.

ExErcisE 10.1. Show that inequalities (10.8) are equivalent to the
inequalities

(10.9) oy +orZ0(modw), j k=1,2,...,n,

for system (9.12), and, thus, (9.12) is strongly stable if and only if (10.9) is
satisfied. Compare these inequalities with (9.13).

Theorem 10.3 answers many of the questions concerned with the quali-
tative properties of the stability of canonical systems. It states very clearly
the critical positions of the characteristic multipliers for which one can
always find a canonical system that is unstable and yet arbitrarily near to
the original one. One of the basic remaining problems is the determination of
an efficient procedure to obtain these critical positions of the multipliers.
A method for doing this for equations which contain a small parameter is
given in Chapter VIII.
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IIL.11. Remarks and Suggestions for Further Study

The reader interested in more results for the stability of perturbed
linear systems may consult Bellman [1], Cesari [1], Coppel [1].

In the case of linear systems with constant or periodic coefficients, the
stability properties of the linear system were completely determined by the
characteristic exponents of the equation. Furthermore, if all characteristic
exponents have negative real parts, then the linear equation is uniformly
asymptotically stable. Consequently, the linear system can be subjected to a
perturbation of the type given by relation (2.9) and the property of being
uniformly asymptotically stable is preserved for the perturbed system. If
the coefficients of the matrix A(t) in (1.3) are bounded, then every solution
of (1.3) is bounded by an exponential function. Therefore, it is possible to
associate with each solution z of (1.3) a number A = A, defined by

A =lim sup 1log|av(t)|.
t-> o !

This number A was called by Lyapunov [1] the characteristic number of the
solution z. If A <0, then |z(t)] -0 as t > c0. If Az <0 for all solutions z of
(1.3), then all solutions approach zero exponentially. On the other hand,
the example of Perron for A(t) as in (2.14) has the property that perturbations
satisfying (2.9) can lead to unbounded solutions in contrast to the above
remarks for periodic systems. There is an extensive theory of the character-
istic numbers of Lyapunov and their application to stability (see Cesari [1],
Malkin [1], Nemitskii and Stepanov [1], Lillo [1]).

In the discussion of the preservation of the saddle point property in
Theorem 6.1, we were only concerned with the orbits on the stable and
unstable manifolds. Of course, one could consider the following problem:
Suppose x =0 is a saddle point of (4.1) and f: R” — R” has continuous first
derivatives such that f(0) =0, 8f (0)/0x = 0. Does there exist a neighborhood
V of 2 =0 such that for any f of the above class, there is a transformation h
which takes the trajectories of (4.1) onto the trajectories of the perturbed
equation (6.3) in the neighborhood ¥ ? This problem has a long and interesting
history. The reader may consult Poincaré [1] and Lyapunov [1] for the
analytic case, Sternberg [1], Chen [1] for the case where 2 may have a finite
number of derivatives and Hartman [1] for the general case.

The problem posed in the previous paragraph in a local neighborhood
of a critical point can be made much more general. In fact, one can say two
n-dimensional differential equations

(11.1) z =f (),
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(11.2) g=9),

are equivalent in a region G of R* if there is a homeomorphism # which takes
the trajectories of (11.1) onto the trajectories of (11.2) in G. Suppose the
vector fields f, g belong to some topological space &. A system (11.1) is said
to be structurally stable if there is a neighborhood N(f) of f in & such that
(11.1) and (11.2) are equivalent for every g in N(f). The study of structural
stability and equivalent systems of differential equations is at present one of
the most exciting topics in differential equations. All of the concepts are
equally meaningful for vector fields on arbitrary n-dimensional manifolds.
The reader is referred to the basic paper of Peixoto [1] for two-dimensional
systems and the paper of Smale [1] for the general problem. See also the book
of Netecki [1].

The presentation of the stability theory of Hill’s equation given in
Section 8 relies very heavily upon the book of Magnus and Winkler [1], but
does not begin to indicate the tremendous number of results that are available
for this equation. The precise determination of the a-intervals of stability
and instability for a given function ¢(t) is extremely important in the applica-
tions. Each function ¢(t) defines a class of functions depending upon a and
the particular a;, a* of Theorem 8.1 yield special periodic functions of period
7 or 2. It is important to discuss the expansion of arbitrary functions in
terms of these special periodic functions in the same way that one develops
a function in a Fourier series. For a more complete discussion as well as many
refererices, see Arscott [1], Cesari [1], Magnus and Winkler [1], McLachlan [1].

The presentation in Section 10 follows the thesis of Howe [1] and should
be considered only as introduction to the theory of stability of Hamiltonian
and canonical systems. The topological characteristics of the class of strongly
stable systems have been discussed as well as the regions of stability and
instability for given equations. Computational methods also have been
devised for equations with a small parameter. The reader is referred to
Gelfand and Lidskii [1], Yakubovich [1, 2], Krein [1], Diliberto [2], Coppel
and Howe [1] for results as well as further references.



CHAPTER 1V

Perturbations of Noncritical Linear Systems

It is convenient to have

Definition 1. If A(t)is ann X n continuous matrix funetion on (— 00, o)
and 2 is a given class of functions which contains the zero function, the
homogeneous system

(1) & = A(t)z,

is said to be noncritical with respect to & if the only solution of (1) which
belongs to 2 is the solution x = 0. Otherwise, system (1) is said to be critical
with respect to 9.

Throughout the following, %(— o0, o) ={f: (—o0, 00)—>C?, f con-
tinuous and bounded} and for any f in #(—o00, ), | f| =sUpP-w<s<w|f(?)].
The subset /2 of #(— o0, c0) denotes the set of almost periodic functions
(for definition, see Appendix) and for any f in /2, m[ f] denotes the module
of f. If f, g are in AP, then m[f, g] denotes the smallest module containing
m[f] U m[g]. The subset 27 of /P denotes the set of periodic functions of
period 7'. The spaces #(— o0, o), /2 and P with | -| defined as above are
Banach spaces. An #» X n matrix function on (—o0, c0) is said to belong to
one of these spaces if each column belongs to the space.

This chapter centers around the study of the existence and stability
properties of solutions of

@) &= A(t)e + f(t, x),

which belong to one of the classes #(— o0, o), FZP or P for the case in
which the matrix 4 is in 27, system (1) is noncritical with respect to the
class under discussion and f is “small” in a sense to be made precise later.

The presentation will proceed as follows.: The nonhomogeneous linear
system is studied first in great detail. It is shown that system (1) being
noncritical with respect to 2, one of the classes #(—o0, ), AZ or Pr,
implies that the nonhomogeneous linear equation has a unique solution in 2
which depends linearly and continuously upon the forcing function in 9.

144
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For f in (2) “small,” the contraction principle yields the existence of a
solution of (2). By extending the saddle point property of Chapter III,
Section 6, to nonautonomous equations, one obtains the stability properties
of the solution of (2). Some generalizations of the results are given in Section 4
together with some elementary properties of Duffing’s equation with large
forcing and large damping in Section 5. At the end of Section 1, there is also
a stability result for the case when A is not in #r.

Lemma 1. (a) System (1) with 4 in 27 is noncritical with respect to
B(— 00, o0) [or /2] if and only if the characteristic exponents of (1) have
nonzero real parts. (b) System (1) with A in2y is noncritical with respect to
@ rif and only if I — X(T) is nonsingular, when X(t), X(0) = I, is a fundamental
matrix solution of (1).

Proor. (a) If the characteristic exponents of (1) are assumed to have
nonzero real parts, then the Floquet representation of the solutions implies
that the only solution of (1) in #(— o0, o) is =0 and (1) is noncritical
with respect to #(— o0, o) and, therefore, also with respect to «/%. Con-
versely, if there is no solution z # 0 of (1) in #(— o0, o), then the Floquet
representation implies there cannot be a characteristic exponent A of (1)
with A =16 since equation (1) would then have a nonzero solution et®p(t),
Pt + T) = plt).

(b) With X(t) defined as in the lemma, the general solution of ‘(1) is
X(t)xg, where zo is an arbitrary constant vector. System (1) has a nonzero
periodic solution of period T if and only if there is an zg 70 such that
[X(t+ T) — X(¢)Jxo =0 for all ¢. Since A is assumed to belong to 27, this
is equivalent to the existence of an z9#0 such that [X(7T)— I]xe=0;
that is, X(7T') — I is singular. This proves the lemma.

Remark 1. If A4 in equation (1) is a constant, then (1) is noncritical
with respect to #(— o0, o) or ZZ if and only if all eigenvalues of 4 have
nonzero real parts. The equation (1) is noncritical with respect to 27 if and
only if all eigenvalues A of A4 satisfy AT =0 (mod 27i); or equivalently, the
purely imaginary eigenvalues iw of 4 satisfy w %0 (mod 2#/T).

IV.1. Nonhomogencous Linear Systems

Basic to any discussion of problems concerned with perturbed linear
systems is a complete understanding of the nonhomogeneous linear system

(1.1) & =A(t)z+£(t),

where f is a given function in some specified class.
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Let us recall that the equation adjoint to (1) is ¥ = —yA(t) and X-1(¢)
is a fundamental matrix solution of this equation if X(¢) is a fundamental
matrix solution of (1). Since 4 belongs to 2Py, it follows that the adjoint
equation has a nontrivial solution y with y’ in @ (' is the transpose of y)
if and only if y(0)[X-Y(T)— I]1=0; that is, if and only if X-1(T") —1I is
singular. Equation (1) has a solution xin 27 if and only if [ X(T") — Ilx(0) =0.
Since the matrices X-1(7') — I and X(T') — I are the same except for multi-
plication by a nonsingular matrix, it follows that the dimensions of the set
of yg such that yo[X~1(T") — I] = 0 and the set of g such that [X(T') — I]xo =0
are the same. Therefore, the adjoint equation and equation (1) always have
the same number of linearly independent T'-periodic solutions.

Lemma 1.1. (Fredholm’s alternative). If 4 is in 2 and f is a given
element of 27, then equation (1.1) has a solution in 2y if and only if

T

(1.2) [voswd—o,
0

for all solutions y of the adjoint equation

(1.3) g = —yA(d),

such that ¥’ isin 2. If (1.2) is satisfied, then system (1.1) has an 7-parameter
family of solutions in 2, where r is the number of linearly independent
solutions of (1) in £r.

Proor. Since 4 and f belong to 2, z(t) is a solution of (1.1) in L
if and only if 2(0) =2(T'). If X(¢, 7), X(7, 7) = 1, is a matrix solution of (1),
and z(0) =z, then

t
2(t) = X (2, 0)zo + fOX(t, 8)f(s) ds.

Since X(¢, 7)X (7, 8) = X (¢, 8) for all ¢, 7, s, the condition z(7') = x, is equiva-
lent to

(1.4) [X-Y(T, 0) — Iwo = fOTX-l(s, 0)f(s) ds.

If B=X-YT,0)—1,b= foTx—l(s, 0)f(s) ds, then (1.4) is equivalent to
Bxg =b. From elementary linear algebra, this matrix equation has a solution
if and only if ab = 0 for all row vectors a such that aB = 0. Since X-1(¢, 0)
is a principal matrix of (1.3), the set of vectors a for which aB =0 cojncides
with the set of initial values of those solutions y of (1.3) which are T-péﬁriodic;
that is, the solution y(t) =aX-1(¢, 0) is a T'-periodic solution of (1.3) if and
only if a B = 0. Using the definition of b, we obtain the first part of the lemma.
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If (1.2) is satisfied and ¢(¢) is a solution of (1.1) in 2y, then any other solu-
tion in 2 must be given by x =z + ¢, where z is a solution of (1) in Zrp.
This proves the lemma.

ExEercrse 1.1.  'What is the analogue of Lemma 1.1 for the case in which
Aisin Ppand fis in A P?

Example 1.1. Consider the second order scalar equation
(1.5) i+ u = cos wt, w>0.

If 1 = u, an equivalent system is

(1.5) % =g,

Lo = —x1 + cos wt, w>0.
The adjoint equation is 1 =y2, ¥2 = —y1 which has the general solution
y1=a cos t+ b sin ¢, y = —a sin ¢ + b cos t where a, b are arbitrary con-

stants. If w 5 1, there are no nontrivial solutions of the adjoint equation of
least period T = 2m/w. Thus, (1.2) is satisfied. Since the homogeneous
equation has no nontrivial periodic solutions, the equation (1.5) has a unique
periodic solution of period 27/w. If w =1, then every solution of the adjoint
equation has period 2z. On the other hand relation (1.2) is not satisfied since

2w 2m
f y(&) f(t) dt=f (—asintcost+ b cos?t)dt=nb
0 0

and this is not zero unless b = 0. Therefore, the equation (1.5) has no solution
of period 27 and, in fact, all solutions are unbounded since the general
solution is w =a sin t + b cos t 4 (¢ sin t)/2.

Example 1.2. Consider the system (1.1) with

-1 2 1 —1]
(1.6) d=zf-1 0 -1}, f(t)=sint| —1].
-1 2 1 1

One can easily show that

1+ cost—sint 2sint —1 4 cost+sint
(1.7) edt =—1 1 —cost—sint 2 cos ¢ —1 +cost—sint].
—1 -+ cost—sint 2sint 1+ cost+sint

Since the rows of e~4t are solutions of the adjoint equation, it follows that all
solutions of the adjoint equation have period 27z, the same period as the
forcing function f, and the solutions are linear combinations of the rows of
e~4t. To check the orthogonality condition (1.2), we need to verify that

ff"e—At f(t)dt =0. One easily finds that e-4tf(t) =zsint, z =(—1, —1, 1)
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and the orthogonality condition is satisfied. Therefore, system (1.1) with 4
and f given in (1.6) has a periodic solution of period 2w, and, in fact, every
solution has period 2.

ExErcise 1.2. In example 1.2, is there a unique solution of period 27
which is orthogonal over [0, 27] to all of the 2m-periodic solutions of the
homogeneous equation—which is orthogonal to all of the 2z-periodic solutions
of the adjoint equation? How does one obtain such a solution?

Exercise 1.3. Show that every solution of (1.1) is unbounded -if
relation (1.2) is not satisfied and 4, f are in 2.

TrHEOREM 1.1. Suppose 4 is in #7 and 2 is one of the classes
RB(— 0, ), AP or Pr. The nonhomogeneous equation (1.1) has a solution
A'f in @ for évery f in 2 if and only if system (1) is noncritical with respect
to 9. Furthermore, if system (1) is noncritical with respect to 2, then Xf
is the only solution of (1.1) in 2 and is linear and continuous in f; that is,
A (af + bg) =aX'f+bA g for all @, b in C, f, g in @ and there is a constant
K such that

(1.8) |#f| = K|f],
for all f in 9. Finally, if 2 = /2, then m[HA f] = m[f, A).

Proor. Casel. 92 =2Prp. If f belongs to 27, then Lemma 1.1 implies
that equation (1.1) has a solution in 27 if and only if f is orthogonal in the
sense of (1.2) to all T'-periodic solutions of (1.3). But & = A(t)rand y = —yA(?)
have the same number of linearly independent 7'-periodic solutions. There-
fore, equation (1.1) has a solution in #r for every f in 27 if and only if
equation (1) has no nontrivial solutions in 27 ; that is, (1) is noncritical with
respect to 2. If system (1) is noncritical with respect to 2, then Lemma
1.1 implies system (1.1) has a unique solution Jf in 27 for every fin #r.
It is clear from the uniqueness that ) is a linear mapping of 27 into Zr.

If X(t, 7), X(7, ) =1, is the principal matrix solution of (1), then the
function Jf can be written explicitly as

T
(1.9) (AHf)E) = fo [X-1(t+ T,t) —I1X (¢, t + s)f (¢ + s) ds.

The kernel function in this expression is known as the Green’s fungtion for
the boundary value problem x(0) = z(T') for (1.1). The explicit computations
for obtaining (1.9) proceed as follows.

If we let (Xf)(0) = w9, then
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t
(OH1)® =X (6 020+ [ X(t,5)1 (o) ds.

Since (Af)t+ T)=(Af)(), and X(t,5) = X(t,7)X(r,s) for any 7,5, we
have

U—xu+nmxmm%#—U—Xa+ﬂmfkmwﬂﬂ%
0

) t+T
+X(@+T,0) f X(t, 8)f (s) ds.
t

Multiplication by [I — X(t + T,f)] ™' and a substitution in the formula for
(Xf)(t) yields (1.9).
Formula (1.9) obviously implies there is a constant K such that (1.8)
is satisfied. In fact, K can be chosen as
T-K = sup [[X-1(t+T,r) —I12X(t,¢+3)| .

0<s,t=T
This proves Case 1.

Case 2. 9 = B(—o0, ). Let X(t) be a fundamental matrix solution
of (1). The Floquet representation implies X(¢) = P(t)eBt where P(t 4 T) =
P(t) and B is a constant. Furthermore, the transformation x = P(t)y applied
to (1.1) yields
(1.10) y=By+ P10)f ()= By +4(0),
where ¢ is in Z(— o0, o0) (or L P) if f is in B(— o0, ) (or L P). Since P(t)
is nonsingular, it is therefore sufficient for the first part of the theorem to
show that (1.10) has a solution in %(— oo, o) for every g in #(— o0, o0) if
and only if § = By is noncritical with respect to #(— o0, c0); that is, no
eigenvalues of B have zero real parts.

By a similarity transformation, we may assume that

B —diag(B4, Bo, B-)

where all eigenvalues of B.(Bo)(B-) have positive (zero) (negative) real
parts. If y = (u, v, w), g =(g+, go, g-) are partitioned so that block matrix
multiplication will be compatible with the partitioning of B, then (1.10)
is equivalent to the system

(1.11) (8) w=Biu+tgs,

(b) % =Bov+4go,
(¢) w=B_w-+g-.
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There are positive constants K, « so that
(L12) () |eP| < Ket,  t<0,
(b) |eBY < Ket, t20.

Equations (1.11a), (1.11c) have unique bounded solutions on (— oo, o)
given, respectively, by

0
(113) (@) (4 ga)(t) = [ e Brgu(t+ o) ds,

@©

0
(b) (F-g)® =] e Bg_(t+s)ds.

One can either verify this directly or apply Lemma III.6.1. These remarks

show that if ¥ = By is noncritical ‘with respect to #(—o0, c0) then there is

a unique solution Jf of (1.10) in #(— oo, oo). Furthermore, using (1.12) we

see that |+ g+| < (K/«)|g+|, | - 9-| < (K/x)|g-| . Therefore, 'f satisfies

(1.8).

If the matrix B has any eigenvalues with zero real parts; that is, the
vector v in (1.11b) is not zero dimensional, we show there is a g¢ in #(— 00, o)
such that all solutions of (1.10) are unbounded in (— o0, 00). This will com-
plete the proof of Case 2. Without loss in generality, we may assume that
By =diag(Boi, -.., Bos), where Bo; =1tw;I + R; and R; has only zero as
an eigenvalue. It is enough to consider only one of the matrices By; since
iw; may be eliminated by the multiplicative transformation exp(iw;t).
Thus, we consider the equation

Z=Rx+y,

where R has only zero as an eigenvalue and g is in #(— oo, o). For any row
vector a,

at =aRx + ag,

for all ¢. If @ # 0 is chosen so that aR =0 and g =a*, where a* is the con-
jugate transpose of a, then as =|a|2 > 0 which implies az(t) — co for every
solution z(t). Therefore, every solution is unbounded as ¢ — c0. This completes
the proof of case 2. Notice that the g chosen in (1.10) to make all solutions
unbounded if B has eigenvalues with zero real parts was actually periodic
and, therefore, f—= P(t)g is an almost periodic (quasiperiodic) function
which makes all solutions of (1.1) unbounded if (1) has purely imaginary
characteristic exponents. )
Case 3. 2P =o/P. The previous remark implies that (1.1) has a
solution in #(— oo, co) for all fin &2 if and only if no characteristic expon-
ents of (1) have zero real parts or, equivalently, (1) is noncritical with respect
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to /2. If (1) is noncritical with respect to /2, then the unique solution
A fin B(—co, o) is a periodic transformation of the functions given in
(1.13) where g, g— are almost periodic with their modules contained in
m[f, A] Therefore, it remains only to show that the functions in (1.13) are
in &/2 and their modules are in m[f, 4]. We make use of Definition 1 of the
Appendix.

Suppose o' = {a},} is a sequence in R. Since g is almost periodic there isa
subsequence @ = {a,} of o such that {g(¢ + a,)} converges uniformly on
(—°°,%9). Since J, is a continuous linear operator on (—,), this implies
{(#g4+)(t + @)}, converges uniformly on (—o,00). Thus, Definition 1 of the
Appendix implies . g, is almost periodic. Theorem 8 of the Appendix implies
m[#ig+] C mlgy] C m[f,A]. The same argument applies to#_g_ to com-
plete the proof of Case 3 and the theorem.

ExERcISE 1.4. Let X be the operator defined in Theorem 1.1. Prove or
disprove the relation m[Jff] = m[f, 4] for every fin o/ P.

Theorem 1.1 clearly illustrates that requiring a certain behavior for
some solutions of the nonhomogeneous equation (1.1) for forcing functions f
in a large class of solutions imposes strong conditions on the homogeneous
equation (1). For the case in which 4 does not belong to 27, similar con-
clusions can be drawn but the analysis becomes more difficult. Preliminary
to the statement of the simplest result of this type are some lemmas of
independent interest.

Lemma 1.1, If A(t)is a continuous n X n matrix, |A(t)] <M, 0 Lt < oo,
and X(¢, 7), X(7, 7) =1, is the principal matrix solution of (1), then there is a
0 > 0 such that

1
|X(t’ 8) _-X(t’ T)l é E IX(t’ T)l )

forallt, 7, s 20 and |s — 7| £ 6.

Proor. Since X(¢, s) =X(¢, 7)X(r, s) for all ¢, 7,5 in [0, c0), it is
sufficient to show there is a 8 >0 such that |X(r,s) —I| £1/2 for 7, s 2 0,

| —s| < 6. Since

X(r,8)—I=| "AW)X(, 5) — I] du + [ " A(w) du,
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an application of Gronwall’s inequality yields | X (7, s) —I| £ M |7 — 5| eMIzsl
for all 7, s. If § is such that M8eM¢ < 1/2, the lemma is proved.

LemMma 1.2. With 4 and X(¢,7) as in Lemma 1.1, the condition
J.;|X (t, 8)| ds <c, a constant, for all ¢ = 0 implies | X(¢, s)| uniformly bounded
for 0 < s £t < oo; that is, the equation (1) is uniformly stable for ¢y = 0.

Proor. Since X(¢, $)X(s, t) = I for all s, ¢, it follows that X(¢, s) as a

function of s is a fundamental matrix solution of the adjoint equation.
Therefore,

t
X(t,s) = I+ f X(t, £)A(E)dE

for all ¢, s. In particular, for o <<s <{t, the hypotheses of the theorem imply
| X (¢, s)] <1+ Mc. The uniform stability follows from Theorem I11.2.1. This
proves the lemma.

TaEOREM 1.2. If A(t) is a continuous n X » matrix, |4A(f)| <M,
0 <t < oo, then every solution of (1.1) is bounded on [0, ) for every con-
tinuous f bounded on [0, co) if and only if system (1) is uniformly asymptotic-
ally stable.

Proor. We first prove that if every solution of (1.1) is bounded on
[0, o) for every continuous f bounded on [0, o), then J.;|X(t, s)| ds<e, a
constant, for ¢ = 0. The solution of (1.1) with 2(0) =0 is given by

¢
() = fOX(t, 8)f () ds.

Let 8[0, o0) be the class of functions f: [0, c0) —C", f continuous and bounded
and let | f| =supo<t<w|f(t)| . For any fixed ¢ in [0, c0), consider the mapping
T : %[0, ) — %[0, o) given by

X(a, 9)f(s)ds, O0Sas
P IR ==

ftX(t, s)f(s)ds, t<a< co.
0

For each fixed ¢, T'; is a continuous linear map. Furthermore, by hypothesis,
for each fin 2[0, c©), there is a constant N such that |T; f| S N, 0 < ¢ < 0.
Consequently, the principle of uniform boundedness implies there is a
constant K such that |T¢ f| < K|f| for all ¢ in [0, o), f in %[0, ko). In
particular, ‘

“tX(t, )fe)ds| < K|f], 0<t<oo.
0
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If X = (xjx), let fj*¥(s) be the function which is the sign of zj(t, s),
j,k=1,2,...,n, for a fixed t. Choose a sequence of uniformly bounded
continuous functions f7*F(s) which approach f;¥(s) pointwise almost every-
where on [0, t]. Choose the norm of a vector z = (1, ..., ) to be |z| =
max;y|z;| . For any given j, k, let fy(s), fi,(s) be the n-vectors with all com-
ponents zero except the kth which is f7»¥(s), f7 (s), respectively. Then

t t
lim fOX(t, 8)fo,r(s) ds = fOX(t, 8)fu(s) ds.

7> 0

From the above definition of the norm of a vector and the fact that

t
[ Xt 9)fer)ds| <K |firl S K1, 0St<on,
0

it follows that
¢ t
[t o s 5 | [ 500 0 0 ] < K
0 0

forallt 20and j,k=1,2, ..., n Since all norms in C” are equivalent, this
clearly implies there is a constant ¢ such that J‘; | X (2, s)| ds <¢,0 <t < 0.

From Lemma 1.2, this relation implies X(s, 7) is uniformly bounded by
a constant N for 0 £ 7 < s < o0 and, thus, equation (1) is uniformly stable
for tp = 0. Therefore,

fX(t, 8)X(s, ) ds| < ftIX(t, 8)| - |X(s, )| ds < Ne,

for all ¢ = 7. But the first expression in this inequality is equal to

(¢t — 7)|X(t, 7)| . Therefore, | X(¢, )| approaches zero as t — co uniformly and
equation (1) is uniformly asymptotically stable.
Conversely, suppose system (1) is uniformly asymptotically stable for
to = 0. From Theorem III.2.1, there are positive constants K, « such that
[X (¢, 7)| £ Ke—att-7), 0s75t< 0.

The general solution of (1.1) is
t
2(t) = X(t, 002(0) + [ X(t, 8)f(s)ds,  tZ0.
0
If f is in %[0, o), then |z(t)| < K |z(0)| + |f| - (K[«) for all ¢ > 0 and thus
every solution of (1.1) is in &[0, oo). This proves the theorem.

Theorem 1.2 is due to Perron [1] and was the first general statement
dealing with the determination of the behavior of the solutions of a homo-
geneous equation by observing the behavior of the solutions of a nonhomo-
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geneous equation for forcing functions in a certain given class of functions.
Investigations along this line have continued to this day with the most
significant recent contributions being made by Massera and Schéffer [1]. For
a better appreciation of the problem, we rephrase it in another way. Let
(8, 2) be two Banach spaces of functions mapping [o, c0) into C* where o
may be finite or infinite. The pair (£, 2) is said to be admissible for equation
(1.1) if for every fin 9, there is at least one solution z of (1.1) in . Theorem
1.1 states that (#(—o0, o©0), #(—0, o)), (FP, HAP), (Pr, Pr) are admis-
sible for equation (1.1) if and only if equation (1) is noncritical with respect
to B(—o00. ©), AP, Pr, respectively. Theorem 1.2 shows that ([0, o),
A[0, o)) is admissible for (1.1) if equation (1) is uniformly asymptotically
stable. The further investigation of such admissible pairs is extremely interest-
ing and the reader is referred to Coppel [1, Chap. V], Hartman [1, Chap. 13]
and Massera and Schéffer [1], Antosiewicz [2].

IV.2. Weakly Nonlinear Equations—Noncritical Case

Throughout this section, it will be assumed that 4 is a continuous » X n
matrix in Pr, Qp, o) ={x in C», ¢ in C": |2| < p, |¢| < o}, 7(p, o), M(0),
p20, 020, are continuous functions which are nondecreasing in both
variables, 7(0,0) =0, M(0)=0, and Lis(n, M)={g: R X Q(po, €0) >
Cn: g continuous, |g(t, 0, €)| < M(|¢|), |q(t, =, €) —q(t, y, €)| < n(p, o)|x —y|,
for all (¢,x,€), (¢,7,€) in R X Q(p,0), 0 < p < pg, 0 <0 <¢p and q(t,x,€) is
continuous in x, € uniformly for ¢ in R}. -

If q is in &4 f(7, M), then automatically g(-, z, €) is in %#(—o0, 00). In
fact, |g(t, z, €)| < n(p, o) |x| + M(|¢|) for (¢, z, €) in R X Q(p, 6). A function ¢
will be said to be in AP NL; 4(n, M) if qis in £ s(n,M) and, for each fixed ¢,
q(t,x, ) is almost periodic in ¢ uniformly with respect to x for x in compact sets.
A function ¢ will be said to be in Pr N L 4(n, M) if q is in L f(n, M) and
gt + T, z, £) =q(t, =, €) for all (¢, z, €) in R X Q(po, £o)-

A function ¢ will clearly be in % (7, M) for some 1, M if g(t, z, &) -0
and 9q(t, z, €)[ox —0 as  —0, € -0 uniformly in .

In this section, results are given concerning the existence of bounded,
almost periodic and periodic solutions of the nonlinear equation

21) i =A@ + q(t, z, €),

where ¢ is in % 4(n, M) and the homogeneous equation (1) is noncritical.
More specifically, we prove

THEOREM 2.1. Suppose 2 is one of the classes #(— 0, ), L2 or
Pr.If qisin D N Lép(n, M) and system (1) is noncritical with respect
to 9, then there are constants p; >0, &1 >0 and a function z*(t, £) con-
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tinuous in ¢, € for —0 <t < o0, 0 < |g] S &1, 2*(¢, 0) =0, x*(-, ¢) in 9,
|z*(-, )] < p1, 0= |e| < €1, .such that x*(t, &) is a solution of (2.1) and
is the only solution of (2.1) in £ which has norm <p;. If 9 = /% then
m[x*(" 8)] < m[q’ A]’ 0 é |£| ésl-

Proor. For a given p1, 0 <p1 < po, let Dy, ={z in 2: |2| < p1}. Then
9,, is a closed, bounded subset of the Banach space 2. For any z in 9,,, the
function q(-, (), €) belongs to 2. Since system (1) is assumed to be non-
critical with respect to &, we may consider the transformation w = 7z,
z in 2, defined by

(2.2) w=Jz=2uAq(, z(), &),

where " is the operator uniquely defined by Theorem 1.1. From Theorem 1.1,

T : 9,,— 2. Furthermore, the fixed points of J in 9,, coincide with the

solutions of (2.1) which are in 2,,. We now use the contraction principle to

show that J has a unique fixed point in 9, for p; and |¢| sufficiently small.
Since ¢ is in L 4(7, M),

(2.3) lg(¢, z, )] < |a(t, =, €) —q(t, 0, )| + |q(t, O, &)|
< 1(p1, 1) |2 + M (e1),

for (¢, z, &) in B X Q(p1, €1). Let K be the constant defined in (1.8) and choose
p1 = po, €1 S¢€o positive and so small that

K[n(p1, e1)p1 + M(e1)] < p1.

For this choice of py, &1, it follows from relations (1.8), (2.2), (2.3) and the
fact that ¢ is in ¢ z(n, M) that

|72| < K|q(, 2(), &) < Knpa, e1) |2] + M(e1)]
<p1

| Tz —Ty| < K|q(-, (), €) —q(-, Y(*), &)
< Ky(py, &1) |z —y]
< 0|x _yl ’

for all z, y in 9, 0 < |¢| < &1 and § <1 is a positive constant. Therefore,
T is a uniform contraction on 9, for |¢| <e1 and has a unique fixed point
x*(t,€) in @, . Since q(t,x,¢€) is continuous in x,e uniformly in ¢, x*(,€) is con-
tinuousin ¢ s, —o0<t<oo, 0= |e|] <ée1. For e=0, =0 is obviously a
solution of (2.1) and, therefore, *(:, 0) =0. To prove the last statement of the
theorem, suppose o = {ay,} is a sequence in (—oo,9). Let M be a compact set
containing {x*(¢, €), te(—°,), |e| < €;}. Theorem 11 of the Appendix implies
there is a subsequence @ = {a,} of & such that {g(t + a,,x,€)} converges
uniformly for te(—o,%0), xeM and each fixed e. Since x*(¢,€) = HG(+, x*(*,€),€)



156 ORDINARY DIFFERENTIAL EQUATIONS

and X is continuous and linear on #(—o°, ), this implies {x*(¢ + oy, €)} con-
verges uniformly for £ in (—eo, ) for each fixed €. The fact that

m[x*(:,e)} Cmlg,4]

follows from Theorem 8 of the Appendix.
Theorem 2.1 has interesting implications for the equation

(2.4) % = A(t)x + b(t) +&h(t, =, ),

where € is a scalar, & belongs to @, s(n,M), b is in @ and system (1)
is noncritical with respect to @. Of course, as before @ is one of the classes
B(— 00, ), AP or Pr. Under these hypotheses, Theorem 1.1 implies that
the equation

& = A(t)x + b(?),
has a unique solution X#'b in 2. If |#'b| < po and =y + HA'b in (2.4), then

g =A(ty +eh(t, y + A, &) L Aty + (¢, v, ¢).

The function g is in £ z(n, M) with n(p, o) = oni(p, o), where n1(p, o) is a
continuous function of p, o, since g(t, ¥, €) approaches zero as ¢ —0 at least
as fast as a linear function in &. Therefore, Theorem 2.1 implies the existence
of a solution z*(t, ¢, b) of (2.4), z*(, &, b) in @, z*(-. 0,b) = A'b and this
is the only solution of (2.4) which isin 2 and at the same time in a p;-neigh-
borhood of J'b.

IV.3. The General Saddle Point Property

Theorem 2.1 of the previous section asserts the existence of a dis-
tinguished solution z*(-, ¢) of (2.1) in a class & of functions. What are the
stability properties of the solution z*(-, €)? If the real parts of the character-
istic exponents of the linear system (1) have nonzero real parts, one would
expect the stability properties of z*(-, ¢) to be the same as those of the
solution z =0 of (1). The purpose of this section is to prove this is actually
the case and also to discuss some of the geometrical properties of the
solutions of (2.1) near x*(-, ¢) in the same manner as the saddle point
property was treated in Section II1.6. The proofs will follow the ones in
Section II1.6. very closely but are slightly more complicated due to the fact
that the differential equations depend explicitly upon ¢.

To reduce the equations to a simpler form, let

(3.1) x=z*(, )+,

where z*(-, ¢) is the function given in Theorem 2.1. If x is a solution of



PERTURBATIONS OF NONCRITICAL LINEAR SYSTEMS 157

equation (2.1), then y is a solution of
3-2) y=A@y +p(t 9, ¢),

where p(t, y, &) =q(t, *(t, €) +y, €) —q(t, *(t, €), €). Consequently, if ¢
isin %4 4(n, M), then pis in #¢ (7, 0). To simplify the equations even further
let X(t) = P (t)eBt, P(t + T) = P(t), B a constant matrix, be a fundamental
matrix solution of (1) and let y = P(t)z. If y is a solution of (3.2), then z is a
solution of

(3.3) 2= Bz+ f(t, 2, €),

where f(t, z, &) = P-1(t)p(t, P(t)z, €).-Finally, we can assert that if & is one
of the classes #(—c0, ©), Z? or Pp, and gisin D N Liz(n, M), then fis
in @ N Z¢ 4(n, 0). Any assertions made about system (3.3) yield implications
for system (2.1) which are easily traced through the above transformations.

The remainder of the discussion centers around (3.3) under the hypo-
thesis that f is in %/ /(7, 0) and the eigenvalues of the matrix B have non-
zero real parts, k with positive real parts and » — k with negative real parts.
As in Sect on II1.6, the space C™ can be decomposed as

(3.4) ot =Cr o0,
0% =m.C2, 0% =7_Cn,

where 7 , w_ are projection operators, C% , C" have dimensions k, n — £,
respectively, are invariant under B and there are positive constants K, o
such that

(3.5) (8) leBtmis < Kext|mes|,  t50,
(b) |eBtw_z| < Ke~%t|7_2|, t=0.

For any o in (—o0, o), let z(t, 0, 29, €) designate the solution of (3.3)
satisfying z(o, o, 29, €) =29, let K designate the constant in (3.5) and, for
any & > 0, define

(3.6) (@) 8o, 8, &) = {z“ in Cn: |7_29] <%, |2(¢, 0, 2%, ¢)| < §,t= 0'},

(b) Ufo, S, €)= {z“ in Cn: |74 29| <%{, |2(t, 0, 2%, &)| < §,t < a}.

Also, let B} designate {z in C": |2| < p}.

TaEOREM 3.1. If fis in £ 4(n, 0) and the eigenvalues of B have non-
zero real parts, then there are § >0, &, >0, B> 0 such that for any ¢ in
(—o0, ), 0 £ |¢] £ €1, the mapping 7_ is a homeomorphism of S(o, §, €)
onto (m-C™) N By 5, S(a, 8, 0) is tangent to 7_C" at zero and
7N 2t & 26 £\ < 2K lor_ 20| p=B(t-0). t> o
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for any 29 in 8(o, 8, ¢). The mapping 7 is a homeomorphism of U(o, 8, &)
onto (m+C") N By,x, U(o, 8, 0) is tangent to 7.,.C™ at zero and

(3.8) |2(t, o, 29, &)| < 2K |m429| eB(t-0), t<o,

for any 2% in U(a, §, ¢).

Furthermore, if g(-, o, €): (m-C") N Bjjox —8(a, 3, €) is the inverse of
the homeomorphism 7_, then g(z—, o, €) is lipschitzian in z- with lipschitz
constant 2K.If fis in P n L¢ (v, 0), then g(z—, o, €) is almost periodic in o
with module contained in m[f]. If f isin P N L 4(n, 0), then g(2-, o, €) is
periodic in o of period 7. The same conclusions hold for the inverse of the
homeomorphism 7+ of U(a, §, ¢) onto (7+C") N By,p .

Before proving this theorem, let us make some remarks about its
geometric meaning and some of its implications. The accompanying Fig. 3.1

(0) x U(a,d,¢)

(o) xS(0,6,¢)
"

R P77 7 el 72
U(d,¢) m
R 77722277 777227, ///////////////// I,
S(s,¢€)
Figure IV .3.1

may be useful in visualizing the following remarks. For any ¢ € (— 00, o0),
the set {g} X S(o, 8, ¢) is a subset of R*+1. For any 7 in[o; ], 2(¢, o, 29, ) =
2(t, 1, 2(7,0, 29, €), €), and, therefore, any solution of (3.3) with initial value in
{o} X 8(a, 8, &) must cross {r} x 8(, 8, ¢) for any 7 = 0 for which 7_z2(r,
g, 29, ¢) has norm less than §/2K. Since this may not occur for all r = o,
the set consisting of the union of the {g} X S(o, &, €) for all ¢ in { —c0, 00)
may not be an integral manifold in the sense that the trajectory of any
solution with initial value (7, 2%) on the manifold remains on the manifold
for all ¢t = 7. On the other hand, this set can be extended to an integral
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manifold by extending the set {o} X S(a, §, ¢) to a set {a} X S*(o, §, &) where
S*(a, 8, &) =8¢, 8, &) U {z: z=2(0, 7, 2%, ¢), (1, 2¥) in {7} X 8(7, 8, &) for
some 7 <0}. The set S(3, ¢) consisting of the union of the {o} X §*(c, &, ¢)
is then an integral manifold of (3.3) and is rightfully termed a stable integral
manifold since all solutions on this manifold approach zero as { — oo and
these are the only solutions which lie in a certain neighborhood of zero
for increasing time. In the same way one defines tl}e corresponding sets
U*(o, 8, &) = Ute, 8, &) U {z: 2 =2(0, 7, 2%, &), (7, 27) i’*U(r, 8, &) for some
720} and an unstable integral manifold U(S, ). The sets S(5, &) and
U(8, &) are hypersurfaces homeomorphic to B X B}~* and R x .BY, respec-
tively, and S(8, €) n U(9, ¢) is the t-axis.

If k = 1 ,the above remarks imply the solution z =0 of (3.3) is unstable
for |¢| £ &1 and any o in (—o0, 00). From (3.7), if ¥ =0, the solution z =0
of (3.3) is uniformly asymptotically stable for |¢| < &1 and o = o for any o
in (— o0, o).

If B and f are real in (3.3), then the sets S(o, 6, €), U(o, 8, &) defined by
taking only real initial values are in R». If system (3.2) is real, then the
decomposition X(¢) = P(t)eBt of a fundamental matrix solution of (1) may
not have P(t), B real if it is required that P(t + 7T') = P(t) for all T (see
Section ITII.7). On the other hand, this decomposition can be chosen to be
real if it is only required that P(t+4 27) = P(t) for all £. In such a case,
system (3.3) will be real, but f belongs to Par N L7 4(n, 0) if p is in Pr N
&4 fi(n, 0). This implies that, the sets S(o, 8, ¢), U(o, 8, &) will be periodic in
o of period 27 rather than 7.

It is not asserted in the statement of the theorem that S(o, §, &) is
tangent to 7_C™ at zero. This may not be true since f (¢, y, €) could contain
a term which is linear in y and yet approaches zero when & —0. Theorem 3.1
is clearly a strong generalization of Theorem III1.6.1 due to the fact that the
perturbation term f (¢, 2, €) may depend explicitly upon ¢.

Proor or THEOREM 3.1. Since this proof is so similar to the proof of
Theorem II1.6.1, it is not necessary to give the details but only indicate the
differences. In the same way as in the proof of Lemma 6.1, one easily shows
that, for any solution z(t) of (3.3) which is bounded on [o, o), there must
exist a z_ in C" such that

(3.9) 2(t) = eBG-0)z_ | fteB(t_s)ﬂ'_ f(s, 2(s), €) ds

"0
+[ e Bomi f(t 45,20t +9),6)ds,  t2o,

and for any solution 2(t) of (3.3) ‘which is bounded on (—oco0, o], there is a
z+ in C® such that z(t) satisfies the relation
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t
(3.10) 2(t) = eBt-0)z, | f B9, f(s, 2(s), &) ds

0
+[ e fetatra 0d  tso

We first discuss the existence of solutions of (3.9) on [o, o) for any z_
in 7_Cn. There is a constant K; such that |m; 2| < K12, |m—2| < K1|7| for
any z in Cn. If K, o are the constants given in (3.5), and 7 is the lipschitz
constant of f(t, z, €) with respect to z, choose 9, €1, so that

(3.11) 4KKn(8, e1) <,  SK2K19(8, £1) < 3ac.

With this choice of 8, 1 and for any z_ in 7_C" with |z_| < §/2K, define
%(0, 2—, 8) as the set of continuous functions z: [o, 0) —~C" such that
|2 =supsst<w|2(t)] < 6 and 7-2(0) =2_. ¥(o, 2=, 8) is a closed bounded sub-
set of the Banach space of all bounded continuous functions taking [o, o)
into C* with the uniform topology. For any z in (o, z—, 8) define 7z by

(3.12) (T2)(t) = eBG-0)2_ + f eBU-0r_ f(s, 2(s), ) ds

0
+ J‘ e~Bsy, f(t+ s, 2(t + 8), €) ds, t=>o0.

Exactly as in the proof of Theorem III1.6.1, one uses the contraction prin-
ciple to show that J has a unique fixed point z*(:, g,2_, €) for |¢| Ze,
2*(-, 0,0, €) =0, 2*(t, 0, 2_, €) depends continuously upon ¢, o, 2, € and

—alt —
(3.13) |2*(t, 0, 2—, €) —2*(t, 0, 3_, &)| S 2K [exp #] |e= —2|

fort = o.
From the definition of S(o, d,¢) and the above construction of
2*(-, 0, 2_, ¢€), it follows that

(3.14) S(o, 6, €) ={z: z =2¥%(0, 0, 2—, €), 2—in (7_C") N By2x

for |¢| < e1. Relation (3.14), (3.13) and the fact that 2*(-, o, 0, &) =0 implies
relation (3.7) with 8 = /2. If we let g(z-, o, &) =2*(0, 0, 2_, €), then

0
(3.15) g(z—, 0,8) =2_ +f e Bsg, f(o+s,2%(0+s, 0,2—, ¢), &) ds.
As in the proof of Theorem I11.6.1,

om0, )] — g, 0, ) 2 P2
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for any o in (—o0, o) and |¢| <¢;. This shows that g(-, o, &) is a one-to-one
map of (m—C") N By into S(o, 8, ¢). Since the inverse of this map is =
and therefore is continuous, it follows that it is a homeomorphism. The
following estimate is also easy to obtain:

K2K,
o

|7+2*(0, 0, 2—, €)| (2K |2z-|, |¢]) |2-|.

Since m-2*(o, 0,2-, &) =2_, it follows from the properties of % that
S(a, 8, 0) is tangent to w_C" at zero. Relation (3.13) implies that the set
S(a, 8, 0) is a lipschitzian manifold.

Now suppose f is in P N Z¢ (7, 0). We now prove the representation
g(2—, o, €) of S(o, 8 £) is almost periodic in ¢ with module contained in m[f].
From (3.15), it will be necessary to estimate z*(o + s, o, 2_, £) as a function
of o and s. To simply the notation, let z(¢, o) = 2*(t, 0, 2—, &), f (¢, 2) = f(t, 2, &).
The equation for z(c + ¢, o) becomes

1
(3.16) z(oc+1, o) —eBlz_ + f eBt-97_f(o+5,2(c + 8, o)) ds
0

0
_I_J‘ e=Bimy f(o+t+8,2(0 +t+ 8, 0))ds.

The objective is to show that z(c + ¢, o) is almost periodic in o if f is in
AP O\ Zip(n, 0). Suppose o = {0y} is a sequence in (—oo, ). There is a sub-
sequence @ = {a,} of & such that {f(¢ + a,,2)} converges uniformly for
te(—oo,),|2| < 6. For any n,m, let
Tnym = SUP—w <5< z1<5 | (5 + U, 2) —f(s + i, 2)|
Unm(t,0)=12(0+t+ oy, 0+ ) —2(0 +t+ 0y, 0+ o)l

Then (3.16) implies that

t
b (6,0) SKK [ €~ In(6, €1)tnm(5,0)

< 2KK1
+KK1_[oe 0, €1)Unm(t+s,0)+ % Ym>

Using the inequalities (3.11), one easily observes that uy ,, (¢, 0) < 4KK1Vmla
for all m. Since 7v,, = 0 as m —> o, it follows that u,, , (t,0) > 0 as m-> e°and,
therefore, 2(c + t,0) is almost periodic in o with module contained in the
module of f. In particular, g(z_, 0,€) = 2*%(0,0,2_,¢€) is almost periodic with
module contained in m[ f] .

If fis in Pr N Léf(n, 0), then g(z—, 0+ T, &) =g(z—, o, €) for all o,
since one sees directly from the uniqueness of the solution of (3.16) that
2o+t+T,0+ T)=2(c +t, o) for all o, ¢.
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In the same manner as above, one uses (3.10) to prove the assertions on
U(o, 8, €) to complete the proof of the theorem.

A simple example illustrating the above results is the forced van der Pol
equation

(3.17) :i‘l =x2,
#p = —x1+ k(1 — 2322 + 9(8),

where k #~ 0, ¢ are real parameters and g is in /2. If x = (2, x2), this system
is of the form (2.1) with

01 0
4= [—1 k]’ g, , &) = [—kz:fxz +sg(t)]'

Since k£ # 0, the eigenvalues of 4 have nonzero real parts and ¢ is in /2 N
Zif(n, M) with 7(p) = Kp? for some constant K and M = e sup;|g(t)|.
Therefore, Theorem 2.1 implies there are p; >0, &1 >0 such that system
(3.17) has an almost periodic solution xz*(t,&) with mx*(, £)] < m[g],
x*(+, 0) = 0 and this solution is unique in the p;-neighborhood of ; = z3 =0.
Since the eigenvalues of A have negative real parts if ¥ <0 and positive real
parts if £ > 0, Theorem 3.1 asserts that the solution z*(¢, ¢) is asymptotically
stable if £ <0 and unstable if £ > 0.

For ¢ =0, we have seen in Theorem II1.1.6 that the van der Pol has a
unique asymptotically orbitally stable limit cyele for any & > 0. This implies
geometrically that the cylinder generated by the limit cycle in (3, 2, t)-
space is asymptotically stable. Therefore it is intuitively clear (and could be
made very precise) that for ¢ small there must be a neighborhood of this
cylinder in which solutions of (3.17) enter and never leave. This “stable ”
neighborhood. is certainly more interesting than the almost periodic z*(-, ¢)
determined above since z*(:, ) is unstable for £ > 0. A discussion of what
happens in this neighborhood is much more difficult than the above analysis
for almost periodic solutions and will be treated in Chapter VII.

IV.4. More General Systems

The first interesting modifications of the results of the previous sections
are obtained by considering the parameter ¢ as appearing in the system in a
different manner than in (3.1).

Consider the system

4.1) et = A(t)z,

where £ > 0 is a real parameter and A4 belongs to 27 . In general, it is almost
impossible to determine necessary and sufficient conditions on the matrix 4
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which insure that system (4.1) is noncritical with respect to one of the classes
B(—o00, 00), AP or Pr for all £ in some interval 0 < & < g9. On the other
hand, .if A is a constant matrix, the following result is true.

LeMMa 4.1. If 4 is a constant matrix and g > 0 is given, then system
(4.1) is noncritical with respect to #(— 00, o) (or & P) (or Pr)for0 <& < g
if and only if the eigenvalues of 4 have nonzero real parts.

Proor. The assertions concerning #(— oo, 00) or &/ are obvious from
Lemma 1 since the eigenvalues of A/e are 1/¢ times the eigenvalues of A.
Also, from Lemma 1, (4.1) is noncritical with respect to 27 if and only if
det[] — exp(A4[e)T] #0; that is, if and only if AT /e #2kni, k =%1,%2, ...
for all eigenvalues A of A. If Re A 5£0 for all A, this relation is satisfied. If
there is a A = iw, w real, then these relations become & # wT[2kx, k =0, £-1,
.... It is clear these relations cannot be satisfied for all ¢ in an interval
(0, &9). This completes the proof of the lemma.

LemMma 4.2. If A is a constant matrix, 9 is one of the classes #(— o0, 0),
AP or P, and system (4.1) is noncritical with respect to 9 for 0 < ¢ < ¢,
then the system

(4.2) eg&=Ax+f(@t), fing2,

has a unique solution o ¢ fin 9,0 <e < &, H:: 99D is a continuous
linear map and there is a K >0 (independent of ¢) such that | ¢ f| < K| f|
forO0<e<Zeg.

Proor. The hypothesis and Lemma 4.1 imply the eigenvalues of 4
have nonzero real parts. If t = e, y(7) ==(e7), g(r) =f(e7), and z is a
solution of (4.2), then

dy_
dr

where g € #(— 00, 00). Theorem 1.1 implies the existence of a unique J'g €
%B(— o0, o) satisfying this equation, with |#'g| < o |g|. Since |g| =|f], it
follows that ", f Lo g satisfies the properties of the lemma.

Ay +g(7),

ExERCISE 4.1. Discuss the manner in which the solutions of (4.2)
approach the solution of the equation Az -+ f(f) =0 as £—0 under the
hypothesis that the eigenvalues of 4 have negative real parts (positive real
parts). What happens if 4 has eigenvalues of both positive and negative real
parts?

Lemma 4.2 and the same proofs as used in Theorems 2.1 and 3.1 yield
an immediate extension of those results to the system

4.3) e = Az +f(t, 2, €),
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where f satisfies the same conditions as stated in those theorems.

This result is stated in detail for further reference. Suppose the eigen-
values of 4 have nonzero real parts, let 7., m_ be the projection operators
taking C” onto the invariant subspaces of 4 corresponding to the eigenvalues
with positive, negative real parts, respectively, and let K, o« be positive
constants so that

(4.4) |edtr_x| < Ke~®, t=0,
|edtmry x| < Kext, t<0.

For any o.in (—o0, o), let z(t, o, 2%, ¢) designate the solution of (4.3)
satisfying z(o, o, 2%, €) = ¢ and, for any 8 >0 and any function ¢: R —C*,
let

(45) (a) S(g 0,8 ¢)= {x—xv—qb(a ) in O%: |m_{z0 — (o) 1|<2fK

lalt, 0,29, &) — $(O)] <8,  t2 a},
(b) U(d,0,8,¢)= {x =26 — ¢(o) in C*: |mi[x° — ¢(0)]| <%{
|2(t, o, x°, &) — P(t)] <3, t< a;,

In words, the set S(¢, o, 8, ¢) is the set of initial values at o of those solu-
tions of (4.3) which have their 7— projections in a §/2K neighborhood of
7_¢(c) and remain in a 8-neighborhood of the curve ¢(t) for all t = 0. A
similar statement concerns U(é, o, 8, &) for 71 and ¢t < o. If B} designates
the set {x in C»: |z| << p}, then the following proposition holds.

THEOREM 4.1. Suppose 9 is one of the classes #(— o0, ), L2 or Pr.
If fisin @ N & f(n, M) and the elgel;xvalues of 4 have nonzero real parts,
then there are § >0, &1 >0, B >0 and g function z*(t, €) continuous in ¢, &
for —o<t<0,0=Z e e, 2*(t, 0)=0,2*(-,¢) in 9, |z*(,e)| <§,
0 < ¢ £ &1, such that z*(¢, €) is a solution of (4.3) and is the only solution of
(4.3) in 2 which has norm <. If @ =42, then m[z*(, &)] = m[f],
0<e=e¢.

Furthermore, the mapping 7_ is a homeomorphism of S(z*(-, ¢), o, 6, &)
onto (7-C™) N Bjj,x and

(4.6) |x(t, o, x%, €) —x*(y, €)| < 2K |m_[x® —x*(0, &)]| e‘e"ﬁ(‘-d) t>o,

for any % —a*(g,¢e) in S(z*(-,¢), 0,08,¢), 0 <e < e1. The mapg,mg T
is a homeomorphism of U(z*(+, ¢), 0, §, ¢) onto (m+.C") N Bpyy,

4.7) |z, o, 29, &) — x*(t, £)| £ 2K |mi[x® — x*(0, £)]| €™ Bt-0), t<o,

for any z9 — 2*(o, ¢) in U(x*(-, €), 0,8,¢), 0 <& < ¢1.
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The dependence of the stable and unstable manifolds of u*(:, &) upon o
is exactly the same as in the statement of Theorem 3.1.

The only part of the proof of the above theorem which is not exactly
the same as the proofs of Theorem 2.1 and 3.1 is the fact that the statements
are asserted to be true on the closed interval 0 < & £ ¢; rather than the
interval 0 << & < £1. The proof for the interval 0 < & < &; is the same as
before and from the proof itself one observes that z*(-, &) >0 as £¢—0. If
one defines z*(-,0) =0, it will obviously be a continuous function on
0 eL e f

LemMMa 4.3. If A4 is constant matrix and g >0 is given, then the
system

(4.8) & = edz,

is noncritical with respect to #(— o0, o) or A2 for 0 < ¢ £ g if and only
if the eigenvalues of 4 have nonzero real parts. There is an g > 0 such that
system (4.8) is noncritical with respect to 2 for 0 <& < g if and only if
det 4 #0.

Proor. The first part is a restatement of Lemma 1. Also, Lemma 1
implies (4.8) is noncritical with respect to 27 if and only if ewT # 2kn for
all k=0, +1, ... and all real w such that A =iw is an eigenvalue of 4. If
w =0 is not an eigenvalue of 4, there is always an gy >0 such that these
inequalities are satisfied for 0 < & < 9. If w =0 is an eigenvalue, there is
never such an ¢ and the lemma is proved.

Exercise4.2. For what values of ¢ in [0, o0) is system (4.8) non-
critical with respect to 27 ? For what complex values of ¢ is system (4.8)
noncritical with respect to 2, ?

LemMma 4.4. If A is a constant matrix, 9 is one of the classes #(— o0, 00),
AP or Pr, and system (4.8) is noncritical with respect to 2 for 0 < ¢ £ &,
then the system

(4.9) s=e(dz+ft), [fin9,

has a unique splution )¢ fin 2, 0 <e <L g9, X, : D — 9D is a continuous
linear map and there is a K >0 (independent of ¢) such that |); f| <
K|f|for0<e=<eo. '

If, in addition, f is in &2 (or 27) and r fis in &P (or Pr) then
|H e fl —0ase—0.

Proor. Since (4.8) is assumed to be noncritical with respect to 2,
Theorem 1.1 implies the existence of the continuous linear operators 7 ,
0 < € < go. The existence of a K as specified in the lemma for the case when
D is B(— 0, o) or H2P is verified exactly as in the proof of Lemma 4.2. If
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9@ = Pr, then formula (1.9) yields X", for the special case (4.9) as

410) (SNt = f “ee-ea? — I e 4t 5)ds, O0<eZ e
0

Since [e~¢4T — I]~! is a continuous function of ¢ on 0 <& < &, H e f is
continuous for 0 < & < gg. We now show that ¢ f defined by (4.10) has
a limit as &£ — 0. Since system (4.8) is noncritical with respect to 7, Lemma
4.3 implies A is nonsingular. Also, lim,,,. ele”*47 —I]7!= —(4T)"".
This shows ) ¢ has a uniform bound on (0, gg] and completes the first part
of the lemma.

To prove the last part of the lemma, let x =y - ¢ ft fand y will satisfy

the equation
¢
g =As(y + eff)

An application of the first part of the lemma to this equation shows that the
unique solution of &/ (or #r) approaches zero as ¢ >0 and the lemma is
proved.

The condition that ft fbein /2 for f in /P is equivalent to saying that
the integral of f is bounded and in particular, implies

1 t
(4.11) Mf1 % lim —ff(s)ds=0.
t-> o0 t 0
In Chapter V, we show that (4.11) is sufficient to draw the same conclusion
as in the last part of Lemma 4.4.

ExERCISE 4.3. Discuss the manner in which the solutions of (4.9)
approach the solutions of the equation # =0. Can you give any reason in
the almost periodic or periodic case besides the one discussed in Lemma 4.4

for why all solutions approach the zero solution of & =0 if ft fis bounded ?

Lemma 4.4 and the same proofs as used in Theorems 2.1 and 3.1 yield
an immediate extension of those results to the system

(4.12) @ =e(dz+f(t 2, €)),

where f satisfies the same conditions as stated in those theorems.

This result is the basis for the method of averaging given in the next
chapter and is therefore stated in detail for further reference. The operators
w4, m—, constants K, « and sets S(¢, o, §, &), U(p, 0, §, &) are assumed to
be the same as the ones given in (4.4) and (4.5).

THEOREM 4.2. Suppose 2 is one of the classes #(— o0, ), L P or Pr
and system (4.8) is noncritical with respect to 2 for 0 <e < gp. If fis in
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D N Zéf(n, M), then there are § >0, &1 >0, B >0 and a function z*(t, ¢)
continuous in ¢, ¢ for —0 <t < 00,0 & L&, *(¢, 0) =0, 2*(-, &) in
D, |a*(,e)| <8, 0< & < e, such that x*(t,¢) is a solution of (4.12)
and is the only solution of (4.12) in 2 with norm <3é. If 9 = /2, then
m[z*(-, )] e m[f]0 =S e < 1.

Furthermore, if the eigenvalues of 4 have nonzero real parts, then the
mapping - is & homeomorphism of S(z*(:, €), o, 8, €) onto (7-C") N B},g
and

(4.13) |a(t, 0, 29, &) —a*(t, £)| < 2K |m_[20 — a*(0, €] e~eBlt-0),  t = o,
for all 2% —2*(o, &) in S(z*(-, &), 0, 6, £), 0 < & < £1. The mapping =, is a
homeomorphism of U(z*(-, ¢), 0, 8, €) onto (7+C") N Bjj,x and

(4.14) |z(t, o, 29, &) — x*(t, €)| < 2K |mi[20 — 2*(0, £)]| ech(t-0), t<o,

for any 2° — x*(o, €) in U(z*(-. €), 0, §,¢), 0 < ¢ £ &1.

The dependence of the stable and unstable manifolds of z*(-, £) upon o
is exactly the same as in the statement of Theorem 3.1.

Using the remark following Lemma 4.4, one easily sees that the con-
clusions of Theorem 4.2 remain valid in the periodic and almost periodic
case for the systein

(4.15) & =g(Ax + h(t) +f (¢, x, £)),

t
provided that f h is bounded. Extensions of Theorem 4.2 to the case where
f=f(t,x,e,1) and the vector €' = (e,u) is small are also easily given.

' ExERcise 4.4. Consider the equation
(4.16) Z = Az + h(wt) + f (wt, z, €),

where w is a large parameter, the eigenvalues of 4 have negative real parts,
his in Pp, forh(s) ds =0, and f is in 7 N L 4(n, M). Assuming Theorem
4.2 isvalid when f depends upon more than one small parameter, prove there
is an w1 >0, &1 >0 such that (4.16) has an asymptotically stable periodic
solution z*(, w; &) in Pr/p for w = w1, 0<|e| £ &1 and z*(-, w, £) >0
as w—> 00, £—0. In particular, consider the forced van der Pol equation

%) =22,

gy = —x1 + k(1 — 2})22 + eg(wt),
where k £ 0, g is in 27 and ftg(s) is bounded.

Using Lemmas 1, 4.2 and 4.4 and the proof of Theorem 2.1, one can
prove the following general result for systems which are coupled versions of
the above types.
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THEOREM 4.3. Suppose 2 is one of the classes #(— o0, ), P or
Pr, u is an n-vector, u = (x, y, 2z) where z,y,2z are nj-, ng-, ng-vectors
respectively, f=f(t,u, &) =(X, Y, Z)isin @ N Lif(n, M), e =(u, v), p a
real scalar, B is an ng X mg matrix in 2, and A4, C are constant n; X n,
ng X ng matrices, respectively, such that the system

(4.17) & = pdz, ¥ = B(t)y, ut =Ce,

is noncritical with respect to 2 for 0 <u < po. Then there are constants
p1>0, u1 >0, v1 >0 and a function u*(t, ¢) continuous in ¢, ¢ for —o0 <
t<oo, 0 <p < p1, 0= |y Svi, w*(t,0) =0, u*(-,e) in 9, |u*(-, &) <pa,
such that w*(¢, €) is a solution of the equations

(4.18) % =p[Ax + X(t, 2, y, 2, €)]
y=B(tly+ Y(t x, y, 2, ¢),
e =Cz+2Z(t, x, y, 2, ¢),

and is the only solution of (4.18) in & which has norm <p;. If 2 = A2,
then m[u*(-, &)l cm[f, B, 0 <p S p1, 0 Z |v| S 1.

The stability properties of the solution w*(-, &) of (4.18) are discussed
exactly in the same manner as in Section 3. The stable and unstable manifolds
of the solution u*(-, €) can be characterized as in Theorems 4.1 and 4.2. In
particular, if all eigenvalues of 4, C have negative real parts and all character-
istic exponents of y = B(t)y have negative real parts, then the solution
u*(+, €) is exponentially asymptotically stable. If at least one of the eigen-
values of 4 or C or the characteristic exponents of y = B(t)y have a positive
real part, then the solution u*(-, ¢) is unstable.

As mentioned earlier, it is difficult to remove the restriction in (4.18)
that A be constant. On the other hand, it is possible to allow C to be a func-
tion of ¢, say C = C(t), provided either that the eigenvalues A(f) of C(t) have
real parts bounded away from zero or, more generally, that

C(t) = diag(D(t), E(t))

where the eigenvalues of both D(¢) and E(t) have real parts (not necessarily
of the same sign) bounded away from zero. For references concerning problems
in the spirit of this section, see Hale [6].

IV.5. The Duffing Equation with Large Damping and Large Forcing,
Consider the equation

(5.1) 4 +cy+y+eby3 = B cos v,

where ¢ >0, b, &, B and v >0 are constants. The equivalent second order
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system is
(5.2) j=2
2= —y —cz —¢eby3 + B cos vt.

The methods of this chapter and some elementary facts about quadratic
forms will be used to prove thereisanrg > O such that foranyr = 7o, thereisan
€y =.€9(r) > 0 such that, for |e|] < €g(r), system (5.2) has a unique periodic
solution of period 2/v in the disk B2 with center zero and radius 7. This
solution is uniformly asymptotically stable and any solution of (5.2) with initial

value in Bg, must approach this periodic solution as ¢ - oe.
Consider the linear nonhomogeneous system

(5.3) y =z,
2= —y —cz+ Bcost.

Since the eigenvalues of the coefficient matrix of the homogeneous equation

(5.4) =z,

2= —y —cz,

have negative real parts, Theorem 1.1 implies there is a unique periodic
solution of (5.3) of period 2/v. If this solution is designated by y0(t), 29(¢),
then the transformation of variables y = y0(¢) + u, 2 =29(¢) + v applied to
(5.2) yields the equivalent system

(5.5) =+ efit, u, v),
9= —u —cv + gfa(t, u, v),

where f1, fo are periodic in ¢ of period 27/v, continuous in ¢, %, v and con-
tinuously differentiable in u, v. Actually, f=0, fo = —b(yo(t) + »)3, but it is
convenient for notational purposes to consider the more general system (5.5).

Since ¢ >0, Theorem 2.1 implies there is a p; >0 and &; >0 such that
system (5.5) has a unique periodic solution (u*(t, £), v*(t, €)), |¢] <e1 of
period 27/v in the disk ‘B2, this periodic solution is uniformly asymptotically
stable, and u*(t, 0) = 0 = v*(t, 0). To prove the above mentioned result for
(5.2), it is sufficient to show that, for any two disks BZ and B, r1 <rthere
exists an €, > 0 such that, for |e| < e;, any solution of (5.5) with initial value in
B2 must eventually enter and remain in the ball B. In fact, suppose ro is
such that the periodic solution (y*(t, €), 2*(4 €)) of (5.2) given by y*(t, &) =
YO(t) + uX(t, ), 2*(t, &) =20(t) + v*(t, ), lies in BZ for 0 <t < 2n/v and
le] < €1. Choose r; <p;. For any r 217, the choice go(r) =min(ez, £1)
gives the desired result.

We now prove the assertion about (5.5). Since the linear system (5.4)
is asymptotically stable, it is intuitively clear that there should be a family
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of ellipses encircling the origin so that the solutions of (5.4) cross the bound-
aries of these ellipses from the outside to the inside with increasing time. If
this is the case, then for any given ellipse one can choose ¢ small so that the
solutions of (5.5) also cross the boundary of this ellipse in the same direction
as for the linear system (5.4). These ideas are now made precise by actually
constructing such a family of ellipses.

Consider the quadratic form

(5.6) Vi, v) =22

2
u2 4 2uv +; v2,

This quadratic form is positive definite and therefore the level curves of this
function are ellipses with center at the origin. The derivative of V along the
solutions of (5.5) is

(5.7) V(u, v) = —2(u? + v2) + 2 ["2 ;" 2

ufy + ufs +vfs + % vfz] .

For any positive r, 71, r, <r, choose positive constants ¢; > ¢z so that the
region U contained between the curves V(u, v) = c1 and V(u, v) = ¢z contains
the region between the boundaries of the disks B2, B2 (see Fig. 5.1). Suppose

1

V(u,v)=c1

V(u,v) =c2

Figure IV .5.1

min(u2 4 v2) = « for u, v ranging over the set V(u, v) =cz2. Then « >0 and
one can find an &2 > 0 such that the right hand side of (5.7) is less than —a/2
for 0 < || £ &2, —00 <t < o0 and all (%, v) in U. For any («9, v0) in U, the
solution u(t), v(t), u(0) =49, v(0) =19, of (5.5) remains in the interior of the
eﬁipse V(u, v) = c1 and satisfies

¢
V(u(t), oe) < V(w(0), 9(0) + [ V(o). v(s) ds

< V((0), v(0)) — g t.

Since V is positive in U, and the solution cannot reach the ellipse V(u; v) = c;,
there must be a £, > O such that (u(f), v(f)) remains in the interior of the
ellipse V(u, v) = ¢z for all ¢ > to. This proves the result.
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IV.6. Remarks and Extensions

The technique presented in this chapter is applicable to many other types
of problems. To illustrate this, let us give a brief abstract summary of the basic
ideas.

Suppose I is an interval in R™, A(f) is an n X n matrix function continuous
on I and &, 2 are given Banach spaces of continuous n-vector functions on /.
For every f€ 9, suppose the equation

6.1) x=A@®x+ (0

has a unique solution X'f in & and o :'9 > @ is a continuous linear operator.
At the end of section 1, we said (2, 2).was admissible if, for every f € 2, there
is at least one solution of Eq. (6.1) in' . Here, we are requiring uniqueness of
the solution in . In this case, we say (&, D) is strongly admissible.

Let €1(/ X R*,R™) = {f:I X R® - R" f(t,x) continuous and continu-
ously differentiable in x}. Let

Ifly =sup{lf(t,%)| + [3f(t,x)/dx|,(¢,x)in I X R"}.

If ¢ is in @, let us suppose the function f(*,¢(*)) is in 2 and consider the
problem of the existence of solutions in & of the equation

(6.2) x=A)x+ f(t,x)
If there exists a solution x of Eq. (6.2) in &, then x must satisfy the
equation
(6.3) G.N)XEx —HF(x.f)=0
where o : @ - F is the continuous linear operator defined above and
F:ZX ¢ (IXR",R")~> 2
F(x,N))(® = f(t,x(2)), teL

Let us suppose the function F(x,f) is continuous together with its Frechet
derivative.

To solve Eq. (6.3) for |f|; small, one can use the contraction mapping
principle to obtain a generalization of Theorem 2.1. Or, one can use the Implicit
Function Theorem in Banach spaces observing that G(0,0) = 0, dG(0,0)/dx = I,
where G is defined in Eq. (6.3). The results may then be summarized as

(6.4)

THEOREM 6.1.  Suppose (@,2) is strongly admissible for system (6.1) and
the function F defined in Relation (6.4) is continuous together with its Frechet
derivative. Then there is a § > 0, n > 0, and a unique function
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x*{fECIXR"R"): If]; <8} &F

such that x*(f)is continuous together with its derivative in f, x*(0) = 0,x*(f)
satisfies Eq. (6.2) and is the only solution of Eq. (6.2) in & with norm less
than n.

Theorem 6.1 includes Theorem 2.1 in the case where f(¢,x) has a con-
tinuous first derivative in x. We give a few examples of other applications of
Theorem 6.1.

Suppose I = [0,1], M,N are n X n constant matrices, A(f) is an n X n
continuous matrix on 7, f is a continvous n-vector function on I and consider
the boundary value problem

x=A@)x+ (), tinl,
Mx(0) + Nx(1) =0

If X(¢) is the fundamental matrix solution of the homogeneous equation,
X() = I, then

(6.5)

x(f) = X(H)x(0) + jot XX~ (5)f(s)ds

satisfies the boundary conditions if and only if

[M + NX(1)] x(0) = —X(1) folx—l(s) F(s)ds
If £(s) = —X(s)X ~1(1)b for a given vector b in R™, then

-X(1) folx—l(s) f(s)ds=b
This implies that Eq. (6.7) has a unique solution for every continuous function
fon I'if and only if [M + NX(1)] ™! exists. If this inverse exists, then the
boundary value problem (6.5) has a unique solution A f given by
(1)) = ~XOM + NXD] X [, X @£ 6)as

©.6) + [x0x 1010

These results are summarized in the following:

LEMMA 6.1. Let

2 ={f:[0,1] > R™,fcont.},| f| = sup; | f(H)I,
F=(xE€ D :Mx(0) + Nx(1)=0}.
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If X(¢),X(0) = 1, is a fundamental matrix solution of .x = A(z)x, then (%,2)
is strongly admissible for the equation

x=A@Dx+f(t)
if and only if [M + NX(1)] ! exists.

With this lemma, one can obtain the existence of a solution of the boundary
value problem

x=A()x + f(t,%)
Mx(0)+Nx(1)=0

if the matrix [M + NX(1)] ~! exists and | £(z,x)1, 137 (¢, x)/dx| are small.
As another illustration, let us briefly indicate how the saddle point property
may be obtained in this way. Consider the equation

6.7) x=Ax+f(®)

where the eigenvalues of A have nonzero real parts and f is in 2% %( [0,20)),
the space of continuous bounded n-vector functions on [0,). We know Eq.
(6.7) has at least one solution in 2 for every fin &. However, the equation

(6.8) x=Ax

has a finite dimensional subspace &; of solutions which are in & and so the
solutions in & of Eq. (6.7) are not unique unless #; = {0}. The pair (2,9)
is admissible but generally not strongly admissible. On the other hand, we can
define & ¢ @ so that (#,9) is strongly admissible. In fact, let m; : @ > P be
a continuous projection operator and define & = (I — m,)@. The pair (#Z,2)
is then strongly admissible and there is a continuous linear operator ¥ ": @ — (%
such that ¥7f is the unique solution of Eq. (6.7) with n¥f = 0. The operator
¥; of sourse, depends on the projection 7, but one can clearly choose 7, so
that % f consists of the sum of the two integrals in Formula (6.4) of Chapter
III. With this definition of ¥, every solution of Eq. (6.7) in & is given by

6.9 x = med xg + HT.
Let us now consider the nonlinear problem
(6.10) x=Ax+f(x)

where £(0) =0, 3f(0)/0x = 0 and try to prove the existence of a saddle point
at x = 0. In particular, let us obtain the stable manifold. We know from Eq.
(6.9) that every solution in & must satisfy

x = med %o +Ff(x)

If y = x — me"xq, then y € @ and we have
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6.11) Gy, 1 %0 Yy —7f(y + me?x) = 0.

One can now use the Implicit Function Theorem to determine y*(f, xp) in
& as a continuously differentiable function of f,xg,y*(0,0) = 0,
G(y*(f,x0),f,x0) = 0. This shows there is a family of solutions for each f,
which are bounded and remain in a neighborhood of zero. The dimension of the
family is the dimension of the family mse?"xg; that is, the dimension of the
stable manifold of x = Ax. To show these solutions approach zero, one can
put more restrictions on the space & and repeat the same argument.

This idea can be generalized to the abstract case where (2,2 is admissible
and not strongly admissible (see, for example, Antosiewicz [2], Hartman [1]).



CHAPTER V
Simple Oscillatory Phenomena and the

Method of Averaging

In Chapter II, it was shown how the Poincaré-Bendixson theory could
be used to determine the existence and stability properties of periodic orbits
of autonomous two dimensional systems. For systems of higher dimension and
even for nonautonomous two dimensional systems, the methods of Chapter 11
are of no assistance in the discussion of the existence of periodic or almost
periodic solutions.

In Chapter IV, the existence of periodic and almost periodic solutions
were discussed for systems of differential equations which were perturbations
of linear systems of arbitrary order. On the other hand, it was assumed that
the trivial solution was the only solution of the linear system which belonged
to the class of desired solutions; that is, the system was noncritical. Applica-
tions are very common for which the linear part of the system contains non-
trivial periodic solutions and the system is critical with respect to some class
of forcing functions. The methods of Chapter IV are not applicable directly to
such problems. However, there may be appropriate transformations of vari-
ables which bring a critical system into the framework of Chapter IV. This is
precisely the basis for the method of averaging discussed in Section 3 below.
The method of averaging is a general method for determining sufficient condi-
tions for the existence and stability of periodic and almost periodic solutions
of a class of nonlinear vector differential equations which contain a small
parameter. It is possible to discuss the existence of periodic solutions without
invoking the results of Chapter IV. In fact, a much more general theory is
given in Chapter VIII for the periodic case.

Before discussing the method of averaging, general properties of conser-
vative systems and simple nonconservative systems are treated in Sections 1
and 2. The remaining sections of the chapter are devoted to specific applica-
tions.

175
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V.1. Conservative Systems

Suppose f: R% — R» is continuous and for any zo in R” the system

(L.1) & =f(2),

has a unique solution () = z(t, 2y) with x(0, 29) = z¢. A function E: D =
Rn» — R is said to be anon a region D < Rn if E is contin-
uous together with its first partial derivatives, £ is not constant on an

open set in D, and E(x(t)) = constant along the solutions of (l.l).ISince Eis

assumed to have continuous first derivatives, the last property is equivalent
to [0E(x(t))/ox] f (x(t)) = 0.|System (1.1) is said to belconservativelif it has an

integral Z on R"*|The orbits in R of a conservative system must therefore

lie on level curves of the integral E.

Suppose x = (21, . .., Z»), £ is an integral of (1.1) on D and 2% in D is such
that 0E(x0)/0xyn #0. Let ¢ = E(20). From the implicit function theorem, it
follows that the equation E(x) = c can be solved for z, as a function z} of the
Zk, k <m, 20 and z in a sufficiently small neighborhood U of 9. Since E is
assumed to be a first integral, E(x(¢)) = ¢ if z(¢) is the solution of (1.1.) with
x(0) = 20. Substituting 2} in (1.1) results in a system of (n — 1) equations for
the determination of the solution of (1.1) through x0. The dimension of (1.1) is
therefore decreased by one on U. In particular, if n = 2, the existence of an
integral reduces the solution of the equation to a quadrature.

In the following, the notation introduced in Chapter I is employed by
letting y* = y*(x), y~ = y~(x) denote respectively the positive, negative orbit
of (1.1) through z, w(y*) and «(y~) denote the w- and «-limit sets, respec-
tively, of the orbit y+, 9.

Lemma 1.1, Suppose E is an integral of (1.1) on an open set D contain-
ing an equilibrium point z0 of (1.1). There is no neighborhood U of z0 for
which x0 belongs to one of the sets w(y*(z)) or a(y—(z)) for all z in U.

Proor. If there are a sequence of {t,}, t, —> 00 as n— 00, and an z!
in D such that x(t,,2!)—>20 as »— oo, then continuity of E implies
E(x(t, x1)) = E(29) for all ¢. The same statement is true for ¢, — — c0. There-
fore, if there were a neighborhood U of 20 such that 20 belongs to one of
the sets w(y*(x)) or «(y(x)) for all x in U, then E would be constant on U.
Since this is contrary to the definition of an integral, the lemma is proved.

Lemma 1.1 implies in particular that an equilibrium point of a conserva-
tive system can never be asymptotically stable.

Lemma 1.2. Suppose E is an integral of (1.1) in a bounded, open neigh-
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borhood D of an equilibrium point z = 0 of (1.1). If E(0) = 0 and E(x) > 0 for
2 #0in D, then 2 =0 is a stable equilibrium point.

Proor. If E(0)=0, E(x) >0 for 2#0 in D, then for any &>0,
oc‘ii_fminwI= ezinp B(®)>0. Choose 0<d<e so that {z:|z] <8} < D,
max, <, B(%) <« Since E is an integral this implies |»(t, 2%)| <e, t 2 0, if
|#0] < &. Thus, = 0 is stable and the lemma is proved.

Lemma 1.3. For n =2, all orbits in a neighborhood of a stable isolated
equilibrium point of a conservative system must be periodic orbits and the
equilibrium point is a center.

Proor. In this proof, a bar over a set denotes closure. Suppose £ =0
is an isolated stable equilibrium point of (1.1) for n =2. Then there are
neighborhoods U, V, of zero such that 7\{0} is equilibrium point free and
for every z in U, the positive orbit y+ = y*(z) through z belongs to V. From
the Poincaré-Bendixson theory, the w-limit set w(y*(x)) of y*(x) must be
either {0} or a periodic orbit. Lemma 1.1 implies w(y*(x)) cannot be {0} for
‘every z in U. If there is an x in U such that I' = w(yt(x)) = yt(z)\yt(z) is a
periodic orbit, then I is asymptotically stable from either the inside or out-
side and, thus, there is an open set on which the integral £ is constant. This
ccntradiction shows that any trajectory which does nat approach zero is a
periodic orbit. Since every periodic orbit obviously has zero in its interior,
this proves the lemma.

A very important class of conservative systems are Hamiltonian systems
with n degrees of freedom. If ¢ =(q1, ..., gn) are the generalized position
coordinates of n-particlesand p = (py, . . ., Pn) are the generalized momentum,
H(p, q) = T'(p) + V(g) where T is the kinetic energy and V is the potential
energy, then the equations of motion are

12 . ©H ) oH
(1.2) 1= P=" %
This is a special case of system (1.1) with 2 = (g, p). The Hamiltonian H(p, ¢)
is an integral of the system (1.2). The kinetic energy 7'(p) is assumed always
positive if p 40 with T'(0) =0, 97'(0)/op = 0. If oT(p)/op # 0 for p #0, the
extreme points g0 of V(g) therefore yield the equilibrium points (g9, 0) of (1.2).
For Hamiltonian systems, we can prove

Lemma 1.4. Suppose ¢ = O is an extreme point of the potential energy
W(q) with V(0) = 0. If zero is locally an absolute minimum of V(q), then (0,0)
is a stable point of equilibrium of (1.2). The equilibrium point (0,0) is unstable
if zero is not a minimum of ¥{(q) if T(p) and V(q) have the form T(p) = Ta(p)
+ T3(p), V(@) = Vi(q) + Vi+1(q) where Tg is a positive definite quadratic
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form, Vi is a homogeneous polynomial of degree k > 2, T3(p) = o(|p|2)
Vi+1(@) = o(1g1%) as Ip1, 1g] = 0 and there is a neighborhood U of (0,0) such
that

Qu={(p.9) €EU:H(p,q)<0}#¢

and Vx(q) <0if (p,q)isin Qp.

ProoF. The assertion concerning stability is an immediate consequence
of Lemma 1.2. Suppose zero is not a minimum of V(q). Let W(p,q) = p'q.
The point (0,0) is a boundary point of Q. Using the fact that H is an integral
of (1.2), the derivative W(p q) along the solutions of (1.2),is easily seen to be

W(@,q)=2To(@) —kVi(@) +* * *,

where * * + designates terms which are o(Ip12) and o(lqlk) as Ipl,1ql = 0. In
Qu, To(p) > 0 and Vi(q) < 0. Furthermore, one can choose the neighborhood
U of (0,0) sufficiently small that W(p,q) > 0 in Q. Since W(p,q) > O,
W(p,q) > 0 in Qy, any solution with initial value in ;7 must leave the set Qp
through the boundary of U since the boundary of Q2 in the interior of U
consists of points where W(p,q) = 0, or H(p,q) = 0. Since (0,0) is in the
boundary of Qy, this proves instability and the lemma.

More specific information on the nature ot the integral curves for second
order conservative systems can be given. Consider the second order scalar
equation

(1.3) i+ g(u) =0,
or the equivalent system
(1.4) u=v,

¥ = —g(u),

where g is continuous and a uniqueness theorem holds for (1.4). System (1.4)
is a Hamiltonian system with the Hamiltonian function or total energy given

by E(u, v) =v2/2 + G(u) where G(u) =f0“ g(s)ds. The orbits of solutions of

(1.4) in the (u, v)-plane must lie on the level curves of the function E(u, v);
that is, the curves described by E(u, v) =h, a constant. The equilibrium
points of (1.4) are points (u? 0) where g(u% = 0. If G() has an absolute
minimum at «9, then (9, 0) is stable (Lemma 1.2) and all orbits in a neigh-
borhood of (u%, 0) must be periodic orbits (Lemma 1.3); that is, (u9, 0) is a
center. Since the solutions of E(u, v) = h, a constant, are

(1.5) v=+./2[h — Q(u)],

it follows that any isolated equilibrium point (u9, 0) such that «0 is not a
minimum of G' must be unstable. In fact, the curves v = + ./2[h — G(u)],
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v = —./2[h — G(u)] are homeomorphic images of a segment of the real line in
a neighborhood of (9, 0). If a solution starting on these curves does not leave
a neighborhood of (0, 0), then the w-limit set of the solution curve would be
an equilibrium point. Since (9, 0) is assumed isolated, this immediately gives
a contradiction.

A point «9 is a local absolute minimum of G(u) if g(u) <0 for u < u9
and g(u) > 0 for # > u0 and » in a neighborhood of «9. The reverse inequalities
apply for a local absolute maximum of G(u). If G(u) has a local absolute
maximum at 49, then the equilibrium point (u9, 0) is a saddle point in the
sense that the set of all solutions which remain in a small neighborhood of
(u?, 0) for t = 0 (¢ < 0) must lie on an arc passing through (u?, 0). This follows
directly from formula (1.5). We can therefore state

Lemma 1.5. The stable equilibrium points of (1.4) are centers and all
of the unstable equilibrium points of (1.4) are saddle points if the only
extreme points of G(u) are local absolute minimum and local absolute
maximum.

Particular examples illustrate how easily information about a two
dimensional conservative system is obtained without any computations what-
soever. The sketch of the level curves of E are easily deduced using (1.5).

Example 1.1. Suppose the function G(«) has the graph shownin Fig.1.1a
with 4, B, C, D being extreme points of G. The orbits of solution curves are
sketched in Fig. 1.1b, all curves of course being symmetric with respect to the
u-axis. The equilibrium points corresponding to 4, B, C, D are labeled as
A, B, C, D on the phase plane also. The points 4, C are centers, B is a saddle
point and D is like the coalescence of a saddle point and a center. The curves
joining B to B and D to D in Fig. 1.1b are called separatrices. A separatriz is

Figure V.1.1
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a curve consisting of orbits of (1.3) which divides the plane into two parts and
there is a neighborhood of this curve such that not all orbits in this neigh-
borhood have the same qualitative behavior. Separatrices must therefore
always pass through unstable equilibrium points.

.Example 1.2. Suppose equation (1.3) is the equation for the motion
of a pendulum of length ! in a vacuum and » is the angle which the pen-
dulum makes with the vertical. If g is the acceleration due to gravity, then
g(u) = k2 sin u, k2 =g/l, G(u) = k(1 — cos u) and G(u) has the graph shown
in Fig. 1.2a. The curves E(u, v) = h clearly have the form shown in Fig. 1.2b.
Explain the physical meaning of each of the orbits in Fig. 1.2b.
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Figure V.1.2

It is not difficult to determine implicit formulas for the periods of the
periodic solutions of equation (1.3) for an arbitrary g(z). Any periodic solution
has an orbit which must be a closed curve and conversely. From (1.5), it
follows that a closed orbit must intersect the » axis at two points (a, 0),
(b, 0), @ << b, and must be symmetrical with respect to the u-axis. If 7' is the
period of the periodic solution, then 7' = 2w where w is the time to traverse
that part of the orbit where » > 0. Since v is given by (1.5) it follows from (1.4)
that

b du
(1.6) T=2 f —
o \/2(h — G(u))
If G(u) is even in u and the periodic orbit encircles the origin, then
symmetry implies @ = —b and
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(1.7) —4 f &

' 0 /2(h — Glu))’
For the pendulum equation, example 1.2, g(u)=k2sinu, G(u)=
k2(1 — cos u), and if »(0) =b <, v(0) =0, then k= E(u(t), v(t)) = E(«(0),
v(0)) = E(b, 0) = k(1 — cos b). Consequently, the period 7' of the periodic
orbit passing through this point (b, 0) is

T4 b du 2 b du
T f [2k2(cos u —cos b)2 kJ, [ . . (b INNES
0 0 |>sm2 (5 — sin? 3

If sin(%/2) = (sin ) sin(b/2), then

/2
(1.8) r—? f i .
k INOWRE
[1 — gin2 (5) sin2 x,l:]

This integral cannot be evaluated in terms of elementary functions, but if b is
sufficiently small, then it is easy to find an approximate value of the period.
Expanding in series, we obtain

27 b
2 ..
T= Z [l+ sin (2)+ ]
2ﬂ[l+_b2+ ]

if b is sufficiently small. To the first approximation 7 = 2x/k; that is, the

frequency k is approximately \/ﬁ, which is almost the first lesson in every
course in elementary mechanics. From this example and the above computa-
tion, it is seen that the period of a periodic solution of an autonomous differen-
tial equation may vary from one solution to another (contrast this fact to the
linear equation).

ExErcise 1.1.  For g(u) = u + you8, show that the period 7'(, y¢) given
by formula (1.7) is a decreasing function of b (increasing function of b) if
y0 >0 (yo <0). The first situation is called a hard spring and the second a
soft spring. Hard implies the frequency increases with the amplitude b. Soft
implies the frequency decreases with the amplitude b.

In the general case, if (u9, 0) is a stable equilibrium point of (1.3), then
the restoring force g(u) is said to correspond to a hard spring (soft spring) at u0
if the frequency of the periodic solutions in a neighborhood of («9, 0) is an
increasing (decreasing) function of the distance of the periodic orbit from
(u9, 0).
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Example 1.8. Consider a pendulum of mass m and length ! constrained
to oscillate in a plane rotating with angular velocity w about a vertical line.
If u denotes the angular deviation of the pendulum from the vertical line
(see Fig. 1.3), the moment of centrifugal force is mw?? sin w cos u, the

(i
w

Figure V.1.3

moment of the force due to gravity is mgl sin v and the moment of inertia is
I = ml2. The differential equation for the motion is

(1.9) Tii — mw?l2 sin u cos u + mgl sin u = 0.
If p = mw?I?/I and X = g/w?, then this equation is equivalent to the system

(1.10) U=,

¥ = p(cos u — A) sin u,

which is a special case of (1.4) with g(u) = g(u, A) = —p(cos # — A)sin . The
dependence of g upon A is emphasized since the number of equilibrium points
of (1.10) depends upon A. The equilibrium points of (1.10) are points (u9, 0)
with g(u9 A) =0 and are plotted in Fig. 1.4. The shaded regions correspond
to g(u, A) <O0. For any given A, the equilibrium points are (0, 0), (, 0) and
(cos™1A, 0), the last one of course appearing only if |A| <1. For [A| #1,
Lemma 1.5 implies the points on the curves labeled in Fig. 1.4 with black dots
(circles) are stable (unstable), the stable points being centers and the unstable
points being saddle points. From this diagram one sees that when 0 k< A <1,
the stable equilibrium points are not (0, 0) or (m, 0) but the points (cos—1), 0).
Physically, one can have A <1 if the angular velocity w is large enough.
Analyze the behavior of the equilibrium points for A=1, A= —1.
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.....................

......‘,u..(..n‘.u.. ........

Figure V.1.5

An integral for this system is easily seen to be
v2
E(u, v) = 5 —g sin2 u — pA cos .

Suppose 0 << A < 1. The equilibrium points (0, 0) and (0, 7) are saddle points
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and the level curves of E(u, v) passing through these points are, respectively,
v2 = ufsin? u + 2A(cos u — 1)],
v2 = pufsin2 u 4+ 2X(cos u + 1)].

Both of these curves contain the points (cos™! A, 0) in their interiors and the
latter one also passes through (—m, 0). A sketch of the orbits is given in
Fig. 1.5. The two centers correspond to the two values of u for which cos u = A.
Interpret the physical meaning of all of the orbits in Fig. 1.5 and also sketch the
orbits in the phase plane when A > 1.

V.2. Nonconservative Second Order Equations—Limit Cycles

Up to this point, three different types of oscillations which occur in
second order real autonomous differential systems have been discussed. For
linear systems, there can be periodic solutions if and only if the elements of
the coefficient matrix assume very special values and, in such a situation, all
solutions are periodic with exactly the same period. For second order con-
servative systems, there generally are periodic solutions. These periodic
solutions occur as a member of a family of such solutions each of which is
uniquely determined by the initial conditions. The period in general varies with
the initial conditions but not all solutions need be periodic. In Section 1.7,
artificial examples of second order systems were introduced for which there
was an isolated periodic orbit to which all solutions except the equilibrium
solution tend as t— co. In Chapter II, as an application of the Poincaré-
Bendixson theory, it was shown that the same situation occurs for a large
class of second order systems which include as a special case the van der Pol
equation. Such an isolated asymptotically stable periodic orbit was termed a
limit cycle and is also sometimes referred to as a self-sustained oscillation. The
phenomena exhibited by such systems is completely different from a conserva-
tive system since the periodic motion is determined by the differential equa-
tion itself in the sense that the differential equation determines a region of
the plane in which the w-limit set of any positive orbit in this region is the
periodic orbit.

In many applications, these latter systems are more important since the
qualitative behavior of the solutions is less sensitive to perturbations in the
differential equation than conservative systems. To illustrate how the struc-
ture of the solutions change when a conservative system is subjected to small
perturbations, consider the problem of the ordinary pendulum subjegted to a
frictional force proportional to the rate of the change of the angle » with
respect to the vertical. The equation of motion is

@.1) i + Bii+ k2 sin u = 0,
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where 8 >0 is a constant. The equivalent system is

(2.2) =,

¥ = —k2 sin w — fv.

If E(u, v) = v2/2 + k2(1 — cos u) is the energy of the system, then dE/dt along
the solution of (2.2) is dE/dt = —Bv2 £ 0.

We first show that v(t) — 0 for all solutions of (2.2). Since dE/dt £ 0, E is
nonincreasing along solutions of (2.2) and v(t) is bounded. Equation (2.2) and
the boundedness of sin %(t) implies ¥(t) is bounded. If v(t) does not approach
zero as t — oo, then there are positive numbers ¢, § and a sequence t,, n =1,
2, ..., ty > 00 a8 n—> oo such that the intervals I, = [t, — 8, t, + 8] are non-
overlapping and v2(t) > efortin I,,n=1,2,.... Let p(f) be the integer such
that ¢, <t for all » < p(t). Then,

Bu(t), o(t) — E(w(0), o0)) = (@) ds

0

< —[ Br(e)ds

A
b
S
&
=4
=

Since p(t) — o0 as t — oo and E(u(t), v(t)) is bounded, this contradicts the fact
that »(¢) does not approach zero as t — co. Thus, v(t) -0 as ¢t — co.

With E(u(t), »(t)) nonincreasing and v(t) -0 as ¢ — co, the nature of the
level curves of E implies that every solution of (2.2) is bounded. Also, since
the energy is nonincreasing and bounded below, it must approach a constant
as t — 00. Since K is continuous and the limit set of any solution is invariant,
the limit set must lie on a level curve of E; that is, the limit set of each solu-
tion must have £ = 0 and, therefore, v = 0. Since the limit set of each solution
is invariant and must have v = 0, it follows that u is either 0, 47, 427, etc.
All solutions of (2.2) bounded implies they have a nonempty limit set and,
therefore, each solution of (2.2) must approach one of the equilibrium points
(0, 0), (m, 0), (—m, 0), etec. To understand the qualitative behavior of the
solutions, it remains only to discuss the stability properties of the equilibrium
points and use the properties of the level curves of E(u, v) depicted in Fig. 1.2b.

The linear variational equation relative to (0, 0) is

u="v,
o= —k2u — B,

and the eigenvalues of the coefficient matrix have negative real parts. There-
fore, by the theorem of Liapunov (Theorem III.2.4), the origin for the
nonlinear system is asymptotically stable. The linear variational equation
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relative to the equilibrium point (7, 0) is

U=,
v = k?u — Bo,

and the eigenvalues of the coefficient matrix are real, with one positive and
one negative. Since the saddle point property is preserved (Theorem II1.6.1),
this equilibrium point is unstable and only two orbits approach this point as
t — c0. Periodicity of sin » yields the stability properties of the other equilib-
rium points.

This information together with the level curves of E(u, v) allows one to
sketch the approximate orbits in the phase plane. These orbits are shown in
Fig. 2.1 for the case 8 < 2k.

N

Figure V.2.1

This example illustrates very clearly that a change in the differential
equation of a conservative system by the introduction of a small nonconserv-
tive term alters the qualitative behavior of the phase portrait of the solutions
tremendously. It also indicates that a limit cycle will not occur by the intro-
duction of a truly dissipative or frictional term. In such a case, energy is
always taken from the system. To obtain a limit cycle in an equation, there
must be a complicated transfer of energy between the system and the external
forces. This is exactly the property of van der Pol’s equation where the dissi-
pative term ¢ is such that ¢ depends upon u and does not have constant
sign.

Basic problems in the theory of nonlinear oscillations in autenomous
systems with one degree of freedom are to determine conditions under which
the differential equation has limit cycles, to determine the number of limit
cycles and to determine approximately the characteristics (period, amplitude,
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shape) of the limit cycles. One useful tool in two dimensions is the Poincaré-
Bendixson theory of Section II.1. Other important methods involve pertur-
bation techniques, but can be proved to be applicable in general only when the
equation contains either a small or a large parameter. The great advantage of
such methods is the fact that the dimension of the system is not important and
the equations may depend explicitly upon time in a complicated manner.

One general perturbation technique known as method of averaging will
be described in the next section. As motivation for this theory, consider the
van der Pol equation

2.3) i —e(l —u)i+u=0,

where &€ > 0 is a small parameter. From Theorem II.1.6, this equation has a
unique limit cycle for every ¢ > 0. Our immediate goal is to determine the
approximate amplitude and period of this solution as ¢ —0. Equation (2.3) is

equivalent to the system
(2.4) U=,
= —u+ (1 —u.
For ¢ = 0, the general solution of (2.4) is
(2.5) u=rcosf,v=—rsin 6,

where § =t -+ ¢, ¢ and r are arbitrary constants. If the periodic solution of
(2.4) is a continuous function of ¢, then the orbit of this solution should be
close to one of the circles described by (2.5) by letting r = constant and 0 vary
from 0 to 2. The first basic problem is to determine which constant value of r
is the candidate for generating the periodic solution of (2.4) for ¢ £ 0.

If r, 6 are new coordinates, then (2.4) is transformed into the system

(2.6) (@) =1+ el —r2cos? ) sin  cos 6,
(b) #=¢(1 —72 cos2 B)r sin2 6.

For r in a compact set, ¢ can be chosen so small that 1 + ¢(1 —r2 cos2 0)
- sin 0 cos 6 >0 and the orbits of the solutions described by (2.6) are given
by the solutions of the scalar equation

2.1 I gir, 6
( . ) ' d_o_eg(r’ ’ 8)
where

— 2 cog? in2
2.8) o, 6, ) — (1 — 72 cos? )r sin2 @

" 14 &(1 —r2cos? 6) sin f cos 6°
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The problem of determining periodic solutions of van der Pol’s equation
for £ small is equivalent to finding periodic solutions 7*(8, €) of (2.7) of period
27 in 0. In fact, if r*(0, ) is such a 27-periodic solution of (2.7) and 8*(t, &),
6*(0, &) = 0, is the solution of the equation

(2.9) 6 =1+ gl —[r*(8, &)]2 cos? ) sin 6 cos 6,

then wu(t) = r*(0*(t, ¢), &) cos O%(t, €), v(t) = —r*(0*(t, €), &) sin O%(t, &) is a
solution of (2.4). Let T be the unique solution of the equation 8*(7, ¢) = 2.
Uniqueness of solutions of equation (2.9) then implies 6*(t+ T, &) =
0*(t, &) + 27 for all t. Therefore, u(t + T') = u(t), v(t + T) = v(t) for all ¢ and
u, v is a periodic solution of (2.4) of period T'. Conversely, if u, v is a periodic
solution of (2.4) of period 7', then r(t + T') = r(t) and one can choose 0 so that
0(t + T) = 6(t) + 27 for all ¢t. The functions r and 6 satisfy (2.6) and, for &
small, ¢ can be expressed as a function of 0 to obtain r as a periodic function of
27 in . Clearly, this function satisfies (2.7).
Let us attempt to determine a solution of (2.7) of the form

(2.10) r=p -+ erW(0, p) + e2r@(, p) + -+,

where each r( (0, p) is required to be 2z-periodic in §, and p is a constant. If
this expression is substituted into (2.7) and like powers of ¢ are equated then

a6, p)
5 =9 6, 0).

This equation will have a 27-periodic solution in #if and only if f:ﬂg( p,0,0)d0 =

0. If this expression is not zero, then it is called a secular term. If a secular term
appears, then a solution of the form (2.10) is not possible for an arbitrary
constant p. The constant p must be selected so that it at least satisfies the

equation f:ﬂg(p, 0, 0)d0 = 0. Having determined p so that this relation is

satisfied (if possible), then 7(1)(, p) can be computed and one can proceed to
the determination of (6, p). However, the same type of equation results for
r(@(6, p) and more secular terms may appear. One way to overcome these
difficulties is to use a method divised by Poincaré which consists in the
following: let 7 be expanded in a series as in (2.10) and also let p be expanded
in a series in € as p = po + &p1 + €2p2 + - - and apply the same process as
before successively determining po, pi1, p2, * * * in such a way as to eliminate all
secular terms. If the p; can be so chosen, then one obtains a periodie solution
of (2.7). This method will be discussed in a much more general setting in a
later chapter. ‘

We discuss in somewhat more detail another method due to Krylov and
Bogoliubov which is generalized in the next section. Consider (2.10) as &
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transformation of variables taking r into p and try to determine r®)(6, p),
(8, p), ... and functions RW(p), R@)(p), ... so that the differential equa-
tion for p is autonomous and given by

(2.11) %=8R(1)(p)+82R(2)(p)+-~~,

If such a transformation can be found, then the 27-periodic solutions of (2.7)
coincide with the equilibrium points of (2.11). Also, the transient behavior of
the solutions of (2.7) will be obtainable from (2.11).

If (2.10) is substituted into (2.7), p is required to satisfy (2.11) and

g(r, 0, &)=Y ekg®(r, §),
¥=0
then

(2.12) R)(p)

@, p) _
+ 8 g9 (p, 0),

or® (8, arn)
go p__ 5 (6 PROG) +90(p, )

ag(O)
or

R®(p) +

+ (p, 0)r(8, p).
Since g©(p, 8) =g(p, 0, 0), the first equation in (2.12) always has a
solution. given by

1 27
(2.13) RW(p) = [ g(6,p,0)db,
277' 0

r0(8, p) = [[g(p, 6, 0) — RW(p)] d6,

where “ [’ denotes the 27-periodic primitive of the function of mean value
zero. Similarly, the second equation can be solved for R(?(p) as the mean
value of the right hand side and r® (0, p) defined in the same way as r1)(6, p).
This process actually converges for ¢ sufficiently small, but this line of investi-
gation will not be pursued here.

Let us recapitulate what happens in the first approximation. Suppose
RM)(p), r(1)(G, p) are defined by (2.13) and consider the exact transformation
of variables

(2.14) r=p+er@(8, p)
applied to (2.7). For ¢ small, the equation for p is

(1)
(1 +e 827) p—elg(p+ er¥, 6, &) —g(p, 6, 0) + RO(p)],
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and thus,
(2.15) p=¢eRW(p) + e2RP(p, 0, ¢)

where R@)(p, 6, €) is continuous at ¢ = 0. Consequently, the transformation
(2.14) reduces (2.7) to a higher order perturbation of the autonomous equation

(2.16) p=eR(p),

where R(M)(p) is the mean value of g(p, 6, 0).

Suppose R (p%) =0, dRM(p?)/dp < 0 for some p® Then pO is a stable
equilibrium point of (2.16) and the equation (2.15) satisfies the conditions of
Theorem IV.4.3 with = p and the equations for y and z absent. Consequently,
there is an asymptotically stable 2z-periodic solution of (2.15) and therefore
an asymptotically stable 2z-periodic solution of (2.7) given by (2.15).

If this is applied to van der Pol’s equation where g is given by (2.8), then

1 27 2
EM(p) = o~ jo 9(p: 0, 0) d0=;-’ (1 _L;.),

This function RM(p) is such that RV (2) =0, dRW(2)/dp = —1 < 0. There-
fore, the van der Pol equation (2.3) has an asymptotically stable periodic
solution which for ¢ =0 is 4 = 2 cos ¢. Zero is also a solution of RM)(p) =0
and dRW(0)/dp >0. An application of Theorem IV.4.3 implies that zero
corresponds to the unstable equilibrium point % =0 of (2.3).

I V.3. Averaging

One of the most important methods for the determination of periodic
and almost periodic solutions of nonlinear differential equations which
contain a small parameter is the so-called method of averaging. The method
was motivated in the last section by trying to determine under what condi-
tions one could perform a time varying change of variables which would have
the effect of reducing a nonautonomous differential equation to an autono-
mous one. This idea will be developed to a further extent in this section, but
our main interest will lie in the information that can be obtained from only
taking the first approximation.

Suppose z in C?, ¢ = 0 is a real parameter, f: B x C" X [0, c0) >C" is
continuous, f(¢, z, €) is almost periodic in ¢ uniformly with respect to = in
compact sets for each fixed &, has continuous first partial denvatﬁzes with
respect to x and f(¢,x,€) > f(¢,x,0), 9f (¢, x,e)/0x —~ 9f(t,x,0)/0x as ¢ > O
uniformly for ¢ in (—eo,%), x in compact sets. Along with the system of
equations,
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3.1) E=cf (¢, x, &),
consider the “averaged” system,
(3.2) &= sfo(x))
where
1 .T
(3.3) folx) =lim — f f(t, =, 0) dt.
T o T 0

The basic problem in the method of averaging is to determine in what
sense the behavior of the solutions of the autonomous system (3.2) approxi-
mates the behavior of the solutions of the more complicated nonautonomous
system (3.1). There are two natural types of interpretations to give to the
connotation ‘‘approximatves’. One is to ask that the approximation be
valid on a large finite interval and the other is to ask that it be valid on an
infinite interval. The results given here deal only with the infinite time interval.

Every solution of the equation & =0 is a constant. Therefore, system
(3.1) is a perturbation of a system which is critical with respect to the class
of periodic functions of any period whatsoever and, in particular, with respect
to the class of almost periodic systems. On the other hand, it will be shown
below that there is an almost periodic transformation of variables which takes
z—y and system (3.1) into a system of the form

{

y = a[fo(y) +f1(8’ i y)]
where f1(0, ¢, y) = 0. If there is a yo such that fo(yo) =0 and y = yo + 2, then
this system can be written as

PR [ % o(yo) 9 fo(yo)
oy oy

Therefore, in a neighborhood of yo the methods of Chapter IV can be applied
if the linear system

z+ :fo(yo ~+2) — fo(yo) — z} +fi(e, t, yo+ Z)] .

9fo(yo)
%y
is noncritical With respect to the class of functions being considered. In this
way, we obtain sufficient conditions for the existence and stability of periodic
and almost periodic solutions of (3.1). The reasoning above is the basic idea
in the method of averaging. Throughout the remainder of this chapter, we
assume the norm in C” is the Euclidean norm.
The following lemma is fundamental in the theory.

Z=¢ 2

"Lemma 3.1. Suppose g: R X C? —(C® is continuous, ¢(¢, ) is almost
periodic in ¢ uniformly with respect to « in compact sets, has continuous first
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derivatives with respect to  and the mean value of g(¢, z) with respect to ¢ is
zero; that is,
1,7
(3.4) lim — f g(t, z) dt = 0.
T T 0

For any &>0, there is a function u(t, z, €), continuous in (¢, z, &) on
R x C® X (0, ), almost periodic in ¢ for z in compact sets and & fixed,
having a continuous derivative with respect to ¢ and derivatives of an arbi-
trary specified order with respect to « such that, if

h(t, z, €) = M__t’a___;c""‘) —

9(t, x),
then all of the functions &, oh/0x, eu, eou/ox approach 0 as & —0 uniformly
with respect to ¢ in R and « in compact sets.

This lemma is proved in Lemma 5 of the Appendix. It is advantageous
at this point to discuss the meaning of Lemma 3.1 when the function g(¢, x)
satisfies some additional properties. Suppose g(i, z) is a finite trigonometric
polynomial with coefficients which are entire funcvions of z. Then

(35) g(t) x) = Z ak(x)eﬂkt) Ak :# 0:
1SESN
where the A are real and each ax(x) is an entire function of z. If
ax(z) .
3.6 u(t, x) = —— oM
(3.6) (t, x) lg;gv N

then u satisfies all of the conditions stated in the lemma. In addition, u is

independent of ¢ and

ou(t, x)
ot

(3.7) —g(t, ) =0.

In most applications, the manner just indicated is the method for the con-
struction of a function u with the properties stated in the lemma. For a
general function g, one may not be able to solve (3.7) in spite of the fact that
the mean value of g is zero. In fact, there are almost periodic functions g(t)
(see the Appendix) such that M[g]=0 and f tg is an unbounded function.

<

The lemma states that, even in this case, one can ‘“approximately ” solve
(8.7) by an almest periodic function u(f, €). Of course, u(t, &) will become
unbounded as £ —0, but eu(t, ) >0 as ¢ >0.

LemMa 3.2. Suppose f satisfies the properties stated before equation
(8.1), fo is defined in (3.3) and L is any compact set in C”. Then there exist an
g0 >0 and a function u(t, z, &) continuous for (¢, z,¢€) in B X C" X (0, &),
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almost periodic in ¢ for « in compact sets and ¢ fixed and satisfying the con-
clusions of Lemma 3.1, with g(¢, z) =f(¢, 2, 0) — fo (x) such that the trans-
formation of variables

(3.8) x =1y +eul(t, y, &), (t, y, &) e R x Q x [0, &)
applied to (3.1) yields the equation

(39) y = 5f0(?/) + SF(t, Y, 8),

where F(t, y, ¢) satisfies the same conditions asf(t, y, €) for (t,y,e)e R x Q
X [0, &), and, in addition, F(t, y, 0) =0

Proor. If g(t, z) =f(t, x, 0) — fo(x), then the conditions of Lemma 3.1
are satisfied. Let u(t, z, ¢) be the function given by that lemma. Since
eu(t, y, €), eou(t, y, €)/oy, f(t, y, 0) —f(y) — du(t, y, €)/ot -0 as ¢—0 uni-
formly with respect to ¢ in R and y in compact sets, we define eu(t, y, ¢),
eou(t, y, €)/oy, f(t, y, 0) — foly) — du(t, y, €)/0y at ¢ =0 to be zero. For any
£1 >0, let Q; be a compact set in C” containing the set {z: x =y + eu(t, y. &),
(¢, ¥, €) € R x Q X [0, £1]}. Choose &2 >0 so that I+ ¢ du(t, y, €)/oy has a,
bounded inverse for (¢, y, €) € B X Q X [0, &2]. This 1mphes (3.8) can have at i
most one solution y € Q for each (¢, z, €) & R X Q1 X [0, &2]. For ¢ any xo € .Ql(
the contraction mapping principle implies there is an £3(xg) > O such that (3.8)
has a unique solution y = (¢, x,¢) defined and continuous for |y — x| < e3(x0),
|# — 20| < €3(x0), 0 < & < £3(0). Since L is compact, we can choose angg> 0
independent of xp such that the same property holds with e3(xo) replaced
by es4. If eo=min(e;, €2, &4), then (3.8) does define a homeomorphism.
Therefore, the transformation (3.8) is well defined for 0 £ e < g, y € Q,
te R If x =y eu(t, y, €), then

(r+ e%)z]= o o)+ | t..0) — o) — ]

+ e[f(t’ Yy + eu, €) _f(t’ ¥, 0)].

From the properties of  in Lemma 3.1 and the continuity of f, the indicated
property of the equation for y follows immediately.

Lemma 3.2 is most important from the point of view of the differential
equations since it shows that the transformation of variables (3.8), which is
almost the identity transformation for ¢ small, when applied to (3.1) yields
a differential equation which is the same as the averaged system (3.2) up
through terms of order . We emphasize again that for functions f(t, z, €)
which are trigonometric polynomials with coefficients entire functions of «,
the expression for the transformation (3.8) is obtained by taking u to be given
by (3.6) where g(t, z) = f (¢, =, 0) — fo(x).

Let Re A(4) designate the real parts of the eigenvalues of a matrix 4.
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THEOREM 3.1. Suppose f satisfies the conditions enumerated before
(3.1). If there is an 20 such that fo(x0) = 0, and Re A[9fo(x0)/0x] # 0, then
there are an o >0 and a function z*(-, &): R —C?, satisfying (3.1), z*(t, ¢)
is continuous for (f, &) in R X [0, g], almost periodic in ¢ for each fixed
e, mx*(-, &)l cm[f(-,x,¢e)], 2%(-,0)=2a0 The solution z*(-,e) is also
unique in a neighborhood of x0. Furthermore, if Re A[0fo(x0)/dx] <0, then
x*(-, €) is uniformly asymptotically stable for 0 <& < go and if one eigen-
value of this matrix has a positive real part, *( -, ¢) is unstable.

THEOREM 3.2. Suppose f satisfies the conditions enumerated before
BL).Ifft+ T, x,e)=f(t z ¢) forall (¢ x, &) in B X Cn X [0, c0) and there
is an 2% such that fo(x0) =0, det[dfo(x0)/0x] 5~ 0, then there are an gy >0
and a function z*(t, &), continuous for (¢, £) in R X [0, &), z*(-, 0) = 29,
2*(t+ T, e) = x2*(t, €), for all ¢, ¢ and x*(¢, ¢) satisfies (3.1). This solution
x*(-, €) is also unique in a neighborhood of 0.

The proofs of both of these theorems are immediate consequences of
previous results. In fact, choose any compact set {2 in C* containing 0 in its
interior. Lemma 3.2 implies that we may assume equation (3.1) is in the form
(8.9) for (t,z,e)e R X Q x[0,5)] If 20 is such that fo(z%) =0, then
y =204z in (3.9) implies

2 =¢cdz + eF(t, 20 + 2, €) + e[ fo(x0 + 2) — fo(x0) — Az]
e A2 + €q(t, 2, €),

where A = 0fo(x0)/éx. One can now apply Lemma IV .4.3 and Theorem IV.4.2
directly to the equation for z to complete the proofs of Theorems 3.1 and 3.2.

In the applications, many problems cannot be phrased in such a way that
the equations of motion are equivalent to a system of the form (3.1). However,
the underlying ideas in the proof of Theorems 3.1 and 3.2 can be used effec-
tively in more complicated situations. One should therefore keep in mind
these basic principles and look upon the discussion here as a possible method
of attack for the treatment of oscillatory phenomena in weakly nonlinear
systems. Another application is now given to a class of equations which seems
to occur frequently in the applications.

Consider the system

(3.10) Z=c¢ef (¢, x) + eh(et, z),

where ¢ >0 is a real parameter, f(¢, «), h(t, ) are continuous and have
continuous first derivatives with respect to x, A(Z,x) has continuoug. second
partial derivatives with respect to x for (¢,x) in R X C», f(t,x) is almost
periodic in ¢ uniformly with respect to x in compact sets and there isa 7> 0
such that 2(z + T, x) = h(t, x) for all ¢, x.

System (3.10) contains both a “fast” time ¢ and a “slow” time &¢. The
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averaging procedure is applied to only the fast time to obtain the non-
autonomous ‘‘averaged ”’ equations

(3.11) & = e fo(x) + eh(et, 1) % eGlet, z),

where

(3.12) Jfo(x) =lim l f(t, x) dt.
T-> o T

If system (3.11) has a periodic solution x9(¢t) of period T'/e, then the linear
variational equation for z0(et) is given by

dy 0G(r, 20(T))
=7 Y

(3.13) dr ox

where 7 = &t.

The next result states conditions under which the equation (3.10) has an
almost periodic solution which approaches the periodic solution of the aver-
aged equation (3.11) as ¢ 0.

THEOREM 3.3. Suppose f, h satisfy the conditions enumerated after
(3.10). If «9et) is a periodic solution of (3.11) of period 7'/e such that no
characteristic exponents of the linear variational equation (3.13) have zero
real parts, then there are an g >0 and a function z*(-, £): R —C", satis-
fying (3.10), z*(t, &) is continuous for (¢, £) in R X [0, &], almost periodic in ¢
for each fixed ¢, m[z*(-, )] =« m[f(-, z), h(e-, x)]; and x*(¢, £) — 20(et) >0
as ¢ —0 uniformly on R. This solution is also unique in a neighborhood of
20( - ). Furthermore, if all characteristic exponents of (3.13) have negative real
parts, z*( -, €) is uniformly asymptotically stable and if one exponent has a
positive real part, it is unstable.

The proof of this result proceeds as follows. Choose any compact set
in C* which contains z%(¢), 0 < ¢t < 7, in its interior. If g(¢, ) = f (¢, ) — fo(x)
and u(t, z, €) is the function given by Lemma 3.1, then as in the proof of
Lemma 3.2, there is an & >0 such that the transformation of variables
x =y -+ eu(t, y, €) is well defined for (¢, y, &) € R X Q X [0, go]. This trans-
formation applied to system (3.10) yields the equivalent equation

y=2eG(et, y) +eH(, e, y, &),

where H(t, 7, y, 0) = 0 and H(¢, 7, y, €) satisfies the same smoothness proper-
ties in y as f, h, is almost periodic in ¢ and periodic in 7 of period 7. If
y(t) = x%et) + z(t), then

2 =¢A(et)z + eZ(l, et, 2, &),



196 ORDINARY DIFFERENTIAL EQUATIONS

where A(r) = 0G(r, 2%(7))/éx and Z(t, et, 2, €) satisfies the conditions of
Theorem IV .4.2. Suppose P(7)eB? is a fundamental matrix solution of (3.13)
with P(r 4+ T) = P(r) and B a constant matrix. From the hypothesis of the
theorem, the eigenvalues of B have nonzero real parts. If z = P(et)w, then

w=¢eBw + eW(t, et, w, €)

where W(t, et, w, €) satisfies the conditions of Theorem IV.4.2. The proof of
Theorem 3.3 is completed by a direct application of.this result.
Another type of equation that is very common is the system

(3.14) z=eX(¢ 2,9, €),
y=Ay+e¥(t, 9, ¢),

where ¢ is a real parameter, x, X are n-vectors, y, Y are m-vectors, 4 is a
constant » X » matrix whose eigenvalues have nonzero real parts, X, Y are
continuous on R X O x C™ X [0, o), have continuous first derivatives with
respect to x, y and are almost periodic in ¢ for z, y in compact sets and each
fixed &. The “averaged” equation for (3.14) is defined to be

(3.15) z = eXo(x),
where
1 T
(3.16) Xo(x)=lim — | X(¢, =, 0,0)dt.
T-> o T 0

THEOREM 3.4. Suppose X, Y satisfy the conditions enumerated after
(3.14). If there is an 20 such that Xo(x%) = 0 and Re A(0X¢(z0)/0x) # 0, then
there are an g9 > 0 and vector functions z*(-, ), y*(-, €) of dimensions n, m
respectively, satisfying (3.14), continuous on R X [0, &), almost periodic in ¢
for each fixed ¢, z*( -, 0) = 29, y*(-, 0) = 0. This solution is also unique in a
neighborhood of (9, 0). Furthermore, if Re A(0Xo(20)/0x) <0, Re A(4) <0,
then this solution is uniformly asymptotically stable for 0 <& < g and if
one eigenvalue of either of these matrices has a positive real part, it is unstable.

The proof follows the same lines as before. Suppose Q is a compact set of
Cn containing z0 in its interior. If g(¢, ) = X(¢, z, 0, 0) — Xo(x) and u(t, z, ¢)
is the function given in Lemma 3.1, then as in the proof of Lemma 3.2, there
is an g9 > O such that the transformation

x—>zx 4 eult, x, &), y >y,

is well defined. for (¢, z,y,e)e R x Q x Cm x [0, g]. This transformation
applied to (3.14) yields the equivalent system

= 6X')(x) + SXI(t, z, Y, 8) + 8X2(t: z, Y, 8),
J=Ay+eYi(t, z, 9, ¢),
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where X;(t, 2, y, 0) = 0 and X2(t, 2, 0, 0) = 0 and all functions have the same
smoothness and almost periodicity properties as before. If the further trans-

formation x —z, y —>\/ e_y is made, then the equations become
% =¢eXo(x) + eX*(t, 2, 9, &),
y=Ay+4 Y*t, z,y,¢),

where X*(t,z,y,0)=0, Y*(¢, 2,9,0)=0. If z—2042, y—>y, then
Theorem IV.4.3 with the variable z absent applies directly to the resulting
system to yield Theorem 3.4.

Using the same proof, one also obtains

TueoREM 3.5. If X, Y satisfy the conditions enumerated after (3.14),
are periodic in ¢ or period 7T and there is an 20 such that Xo(x0) =0 and
det[0X o(20)/0x] # O, then there are an g >0 and vector functions z*(-, ¢),
y*(-, €) of dimensions n, m, respectively, satisfying (3.14), continuous on
R X [0, &), periodic in ¢ of period 7' and z*( -, 0) = 29, y*(-, 0) = 0. Further-
more this solution is unique in a neighborhood of (z9, 0).

An interesting application of Theorem 3.4 to stability of linear systems is

THEOREM 3.6. Suppose D = diag(B, A) where Bisn X n, 4 is m X m,
all eigenvalues of B have simple elementary divisors and zero real parts and
all eigenvalues of 4 have negative real parts. If the (n 4 m) X (n 4+ m) almost
periodic matrix @ is partitioned as ® = (@), j, k = 1, 2, where ®y; is n X n,
D2 is m X m and if all eigenvalues of the matrix

1.7
(3.17) E=lim — f e~Btdyy (t)eBt dt,
T-> T 0
have negative real parts, then there is an g9 > 0 such that the system

(3.18) 4= Du + e®(t)u,

is uniformly asymptotically stable for 0 <& < g . If one eigenvalue of E has
a positive real part, then system (3.18) is unstable for 0 <& < &.

The proof of this result proceeds as follows. Let u = (z, y) where x is an
n-vector. The matrix eB? is almost periodicin ¢ and therefore the bounded linear
transformation x —eBtx, y —y yields the equivalent system

% = ge~Bt®y (t)eBtx + ce~BtD;o(t)y,
-~ = Ay 4+ e®s(t)eBtx + eDaa(t)y.

This is a special case of system (3.14) and the averaged system (3.15) for this
situation is # = Exz. From the hypothesis on E, this averaged system satisfies
the hypotheses of Theorem 3.4. It is clear from uniqueness of the solution
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x*(+, €), y*(-, &) guaranteed by Theorem 3.4 that z*(:, &) =0, y*(:, €)=0,
0 < £ £ &9. This proves the result.

The remainder of this chapter is devoted to applications of the results in
-this section.

V.4. The Forced Van Der Pol Equation

Consider the equation
4.1) =22,
29 = —21 + &(1 —22)22 + A sin wit + B sin wet,
where ¢ >0, w1 >0, wz >0, A, B are real constants and
(4.2) m + mywy + me we # 0,

for all integers m, my, mg with |m| + |my| + |mz| < 4. For £ =0, the general
solution of (4.1) is

4.3) 21 =21 c08 t + 29 sin t 4+ A sin w1t + B sin wal,
29 = —x1 Sin t 4 29 cos t + Ajw; cos wit + Biwsz cos wat,

where 4; = A(1 — w?)™1, B; = B(1 — w?)~land 2y, z; are arbitrary constants.
To discuss the existence of almost periodic solutions of system (4.1) by using
the results of the previous section, consider relations (4.3) as a transformation
to new coordinates z;, x2. After a few straightforward calculations, the new
equations for x;, 2 are

(4.4) & = —e(l —z3)zg sin t,

#2 = &(1 —2%)z3 cos ¢,
where 21, z2 are the complicated functions given in (4.3). System (4.4) is a
special case of (3.1) and the quasi-periodic coefficients in the right hand sides
of (4.4) have basic frequencies 1, w;, ws.

The average of the right hand side of (4.4) with respect to ¢ will have
different types of terms depending upon whether the frequencies 1, w;, w2
satisfy (4.2) or do not satisfy (4.2). If (4.2) is satisfied, then the averaged
equations of (4.4) are
(4.5) 81 = eni[2(2 — A} — BY) — (2} + )],

822 = ex2[2(2 — A% — B?) — (a2 + 22)].
Equations (4.5) always have the constant solution #; =z =0 and both
eigenvalues of the linear variational equation are 2(2 —A2 — B?). If
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A? 4 B? # 2, then Theorem 3.1 implies the existence of an almost periodic
solution of (4.4) with frequencies contained in the module of 1,w;,wsg, which
is zero for ¢ = 0, is uniformly asymptotically stable if A;" + B% > 2 and unstable
if A% + B% < 2. This implies the original equation (4.1) has an almost periodic
solution which is uniformly asymptotically stable (unstable) forA% + B% > (<2
and this solution for ¢ = 0 is given by

21(t) = A; sin wit + B sin wst,
23(t) = 21(t).

Notice that the condition A% + A2 > 2 can be achieved if either 4 or B
is sufficiently large for given wj, wg, or if either w; or ws is sufficiently close to
1 (resonance) for a given A4, B. Also, notice that 4% + A% < 2 implies that the
averaged equations have a circle of equilibrium points given by 2% + 2% =
2(2 — A2 — B?). There are very interesting oscillatory phenomena associated
with this set of equilibrium points, but the discussion is much more compli-
cated and is treated in the chapter on integral manifolds.

V.5. Duffing’s Equation with Small Damping and Small Harmonic Forcing

Consider the Duffing equation
(5.1) % + edu + u + eyud = e B cos wt,
or the equivalent system

(5.2) U=
{13 = —u —eyud — ebv + ¢B cos wt.

where ¢ 20, y, § 20, B, w = 0 are real parameters. For w2=14¢f8, we
wish to determine conditions on the parameters which will ensure that equa-
tion (5.1) has a periodic solution of period 27/w. Since for ¢ =0, w =1,
the forcing function has a frequency very close to the free frequency of the
equation. The free frequency is the frequency of the periodic solutions of
the equation (5.1) when £ =0. Such a situation is referred to as harmonic
forcing. We have seen previously that the linear equation 4 -+ u = cos ¢ has no
periodic solutions and in fact all solutions are unbounded. This is due to the
resonance effect of the forcing function. As we will see, the nonlinear equation
has some fascinating properties and, in particular, more than one isolated
periodic solution may exist. Contrast this statement to the results of
Section IV.5. To apply the results of Section 3, we make the van der Pol



200 ORDINARY DIFFERENTIAL EQUATIONS

transformation
(5.3) {u = 3 sin wt + x2 cos wt
v = w[2]1 cos wl — 3 sin wt]

in (5.2) to obtain an equivalent system

(5.4) £1=£[Bu—yu3—8'v+ Bcos wt] cos wt
w
{ig: —i[ﬁu—yu3—b‘v+Bcos wt] sin wt
w
w?—1
B=—

where u, v are given in (5.3). To average the right hand sides of these equations
with respect to ¢, treating z;, z2 as constant, it is convenient to let

(5.5) %y =1 cos i, ¥ =r sin J,
% = 21 8in w! - 2 cos wt =r cos (wt — i),
v = w[w; €08 wt — x2 sin wt] = —wr sin(wt — ).

This avoids cubing « and complicated trigonometric formulas. The averaged
equations associated with (5.4) are now easily seen to be

3 2
(5.6) B = [sz I — e + B] ,
2w 4

€ 3yr2

g = ~ %0 [ﬂxl—yTxl—f-wag] ,
r2=a+4 a2

Since x2 = r cos i, ¥1 = r sin ¢, the equilibrium points of (5.6) are the solu-

tions of the equations

2
(ﬁ —?%) rcos ¢ — Swrsin  + B=0,

3yr2
(B —L4-) 7 8in ¢ 4 dwrcos i =0.
These latter equations are equivalent to the equations
3yor2 P
— 'y: +70 cosyp =0,

F(T, ')b; w)d=efFoSin(/I—80wT=O’

(5.7) Q(r, ¥, w) L w2 —1
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where we have put yo=¢y, 8o=¢8, Fo=eB, parameters which have a
good physical interpretation in equation (5.1).

If yo, 80, Fo are considered as fixed parameters in (5.7); then (5.7) can be
considered as two equations for the three unknowns i, w, r. If there exist
o, wo, 7o such that the matrix

(5.8) a(rQ) o(r@)
Tor E"

oF oF

ar oy

has rank 2 for r =179, i = b9, @ = wo, then Theorem 3.2 implies there is an
£0 > 0 such that equation (5.1) has a periodic solution of period 2s/we which
for ¢ =0 is given by u = r¢ cos(wot — i) = ro cos(t — i) since wo=1 for
& = 0. In the equations (5.7), one usually considers the approximate amplitude
r of the solution of (5.1) as a parameter and determines the frequency w(r) and
approximate phase i(r) of the solution of (5.1) as functions of r. The plot in
the w, r plane of the curve w(r) is called the frequency response curve.

The stability properties of the above periodic solution can sometimes be
discussed by making use of Theorem 3.1. Some special cases are now treated
in detail.

Case 1. 8 =0 (No Damping). One solution of (5.7) for § = 8p =0 is
given by ¢y =0 and

3yor2  Fo
yort  Fo

. 2 =1
(5.9) w + n "

As mentioned earlier, relation (5.9) is called the frequency response curve. The
rank of the matrix in (5.8) is two if yo = 0, Fo % 0or v 7% 0, Fo/yo sufficiently
small. From Theorem 3.2, thereisan gg > 0 such that for 6 = 0,0 < ¢ < g9, and
each value of w, r which lies on the frequency response curve, there is a 27/w-
periodic solution of (5.1) which for ¢ =0is u =1 cos wt=r cos ¢ since w =1
for £ =0. There is also the solution of (5.7) corresponding to s = mr, but this
corresponds to (5.9) with r replaced by —r. The uniqueness property guaran-
teed by Theorem 3.2 and the equation (5.2) for 8 = 0 imply this solution is the
negative of the one for i) = 0.

If Fy £ 0, the plots of the frequency response curves in a neighborhood
of w =1 for both the hard spring (yo > 0) and the soft spring (yo <<0) are
given in Fig. 5.1. The pictures are indicative of what happens near w = 1.

The frequency response curves in Fig. 5.1 are usually plotted with |r|
rather than r and are shown in Fig. 5.2. Notice how the nonlinearity (yo 7% 0)
bends the response curve for the linear equation. The curve Fo = 0 depicts the
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1/
Fon

Fo=0

: /-

Foy

r

Fo2

(Yo > 0)(hard spring)
(a)

Foy
1

Foy

(7o < 0)(soft spring)
(b)

Figure V.5.1

relationship between the frequency w and the amplitude r of the periodic
solutions of the unforced conservative system i + u + youd=0. ?;‘or each
given w near w = 1, there is exactly one periodic solution of period 27/w. For a
given Fg # 0, there are three such periodic solutions for some values of w and
only one for others.
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|rl Fy=0 irjg Fo=0
r>0
<0 r>0 r<0
r
1 @ 1 w
W=

(Yo > 0)(hard spring) (Yo < 0)(soft spring)

(a) (b)

Fy=0
Irl
r>0 r<0

(Y0 = 0)(linear equation)
(c)

Figure V.5.2

Let us emphasize another striking property of this example which is a
direct consequence of the fact that the equation is nonlinear. For ¢=0,
system (5.1) has a free frequency which is equal to 1; that is, all solutions of
the linear equation are periodic of period 27. On the other hand, it was shown
above that for w2 — 1 of arder ¢ there are periodic solutions of period 27/w.
In other words, the free frequency is suppressed and has been ““locked ”’ with
the forcing frequency. This phenomena is sometimes referred to as the
locking-in phenomena or entrainment of frequency and, of course, can only
occur when the equations are nonlinear.

Case 2. 8 >0 (Damping). If 8o >0 and Fo =0, then using the same
analysis as in the discussion of equation (2.1), one sees that equation (5.1)
has no periodic solution except u = 0. This is reflected also in equations
(5.7) which in this case, have no solution except r =0. If 8¢ F¢ 0, there
always exist values of r such that |r| <|Fo/8o w| and the second of equations
(5.7) can be solved for ¢ as a function of wdor/Fo. Using such a ¢, the first
equation yields, up to terms of order &2,

3yor2 2
(5.10) wt=14+ ”Z i\/r—z"—sg.
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This frequency response curve for the hard spring (yo >0) is shown in
Fig. 5.3. The dotted line corresponds to the curve w? =1 + 3yo72/4. Thus, as
for § = 0, for given Fo, 8¢ with Fg 8¢ 7~ 0, Theorem 3.2 implies there are three
periodic solutions of period 27/w for some values of w and only one for others.
For a given w, which of these solutions are stable and which are unstable? To
discuss this, we investigate the linear variational equation associated with
these equilibrium points of the averaged equations and apply Theorem 3.1.
As is to be expected the analysis will be complicated. Another type of co-
ordinate system which is widely used in applying the method of averaging
turns out to be useful for this discussion.

r

w=1
(7o > 0)(hard spring)

Figure V.5.3

In (5.2), introduce new variables r, { by the relations
(6.11) u =7 cos(wt — ),
v = —rw sin(wt — ),

to obtain an equivalent set of equations (e = w2 — 1)

1
(6.12) F=— [— f? sin 2(wt — ) — e f sin(wt — z/;)] ,

w

= ["B + % s 2wt — gy + = feos(wt — !/')] :

where f = —yu® — év + B cos wt and u, v are given in (5.11). The averaged
equations associated with (5.12) are

. 1 . 1
(5.13) F=—5e [eSwr —eB sin ] = % F(r, §, w),

S | eB 1
=2_[,3 —= 2+-Tcosz/1]=—2:,0(7',l/!,w),
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where F, G are defined in (5.7). The equilibrium points of (5.13) are therefore
the solutions 7, i, w of (5.7). If the eigenvalues of the coefficient matrix of the
linear variational equation of any such equilibrium point have nonzero real
parts, then Theorem 3.1 gives not only the existence but the stability proper-
ties of a periodic solution of period 27/w of (5.1). The solution is uniformly
asymptotically stable if these eigenvalues have negative real parts and unstable
if one has a positive real part. A necessary and sufficient condition for the
eigenvalues of this matrix to have negative real parts is that the trace of this
matrix be negative and the determinant be positive. In terms of F, G in (5.13),
one has an asymptotically stable solution if and only if

Fr+Gw <0,
FrGy—F,Gr >0,

where the subscripts denote partial derivatives and, of course, the functions
are evaluated at the equilibrium point. These partial derivatives are easily seen
to be

Fr=—80w, F‘w=FocOSlp,

Gy = —;yor—-ﬂ—ocosxﬁ, Gy= —-I-;—osin .
Therefore, Fy + G, = —28¢ w < 0 at an equilibrium point and the stability or
instability can be decided by investigating the sign of F, Gy, — Gy Fy as long
as it is different from zero.

It is possible to express this last condition for stability in terms of where
the point 7, w is situated on the frequency response curve. To see this, consider
the equilibrium points of (5.13); that is, the solutions of F(r, ¢, w)=0=
G(r, , w), as functions of w. Differentiating these equations with respect to «
and letting subscripts denote differentiation, one obtains

—F¢0=Fr7'w+le/‘an

—Go=0Crry+ Gw'l’w,
and thus,

(5.14) ra)(FrGw—Gwa)=Gwa—FwGw.

The stability properties of the solution can therefore be translated into the
sign of ry(Gy Fy — FyGy). This expression being positive corresponds to
stability and this being negative corresponds to instability. Since F, = —&¢7,
Gy = 2w, it follows that

= 2wr(v? — w?) + S wr.
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where v2 =1 + 3y072/4. From (5.10), w2 — 2= 0(¢) and since &2 is O(e2),
the sign of this expression is determined by w2 — »2 if ¢ is sufficiently small.
Using (5.14), we finally have:

A periodic solution of Duffing’s equation (5.1) with 8 >0 is stable if (dr/dw)
+ (v — w?) > 0 and unstable if (dr/dw)(v? — w?) <0, where v2 =1+ 3yor2/4
and r is given as a function of w by the frequency response curve (5.10).

Pictorially, the situation is shown in Fig. 5.4 for a hard spring. Solid
black dots represent unstable points. The arrows — represent a typical
manner in which the amplitude of the stable periodic motion would change
with increasing w and the backward < depicts the situation for decreasing w.

ri

Figure V.5.4

V.6. The Subharmonic of Order 3 for Duffiing’s Equation
Consider the equation
" _.
(6.1) u+ecu—|—§u+eyu3=Bcoswt

or the equivalent system

(6.2) n=uv,
o= —§u—ecv—eyu3+Bcoswt,

where ¢ 20, ¢ =0, y, B and w are constants, w —1=0(¢) as £¢—0. The
problem is to determine under what conditions there exists a solution of (6.1)
which is periodic of period 67/w and whose zeroth order terms in ¢ are given by
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)
(6.3) -u =rs8in §t+¢ + A cos wt,

v=-a-,-rcos(‘£t+¢) — wA sin wt.
3 3

Such a solution if it exists is called a subharmonic solution of order 3.
If any such solution exists, then clearly 4 must equal —B/(w? — 1/9). The
free frequency of equation (6.1) is (1/3) and the forcing frequency is w which is
approximately 1. Therefore, if a subharmonic solution exists, then the free
frequency is again suppressed and is locked with the forcing frequency w in
the sense that a solution appears which is periodic of period three times the
period of the forcing frequency. The form of (6.1) is important for the exist-
ence of a subharmonic solution. In fact, if the damping coefficient in (6.1) is a
constant & > 0 for all £ > 0, then it was shown in Section IV.5 that no such
subharmonic solution can exist.

If r, ¢ in (6.3) are chosen as new coordinates, the new equations are

(6.4) 1"=£ [‘grsin 2(§t+¢) — 3(cv + yud) cos(§t+¢)],

3
43:2 [—gsin2(§t+ qS) +3va—:}_’jﬁ-) sin(§t+¢)],
w2 —1=¢B,

where u, v are given in (6.3).
The averaged equations are (except for some terms of order &2)

w
é:Giw[—-B 2174 (A —r sin 3¢) 271”2]

Using the fact that W —1= & and letting yg = &7, ¢g = ec, the equations
for the equilibrium points of (6.5) are

(6.5) F= ;—r [—c + 2Tyrd cos 395] ,

2c
2Ty Ar’

Yo
() wr=1+ 724 2an 7 [(FR2) -],

where up to terms of order &2, the latter expressions are evaluated with
= —9B/8. For ¢ = 0 (no damping), the formula for the frequency response

(6.6) (a) cos 3¢=
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curve (6.6b) simplifies to

27y042 27
6.7) w2=1+-—”—:—+_42'1’

A sketch of the frequency response curves is given in Fig. 6.1.

(r+ 4)2

r
c=0
c>0 %
c=0
c<9
w2-1
2700A%( 2
(vo > 0)(hard spring)
Figure V.6.1

One now uses Theorem 3.2 and Theorem 3.1 exactly as in the previous
section to obtain the existence of an exact solution of (6.1) and the stability
properties of such a solution for values of w, r,  satisfying (6.6).

The frequency response curves suggest the fact confirmed in SectionIV.5
that the equation (6.1) may not have a subharmonic of order 3 if ¢ gets too
large, since the above analysis has been shown to be valid only for ¢ small and,
thus, w close to 1. Also, notice that once a subharmonic solution is known to
exist, two other distinct ones are obtained simply by translating time by 27/w.

V.7. Damped Excited Pendulum with Oscillating Support

A linear damped sinusoidally excited pendulum with a rapidly vertically
oscillating support of small amplitude can be represented approximately by
the equation

d2h(vt
(v )) sin u — F cos wt =0,

di2
where u is the angular coordinate measured from the bottom. position,
hr)=h(r+27),v=¢1,0<e<landc, F, w are real positive parameters
independent of e.

To transform (7.1) into a form (3.10) for which Theorem 3.3 is applicable,

(7.1) ﬁ+cd+(l +e
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it is convenient to treat all but the term in ¢ as derivable from the Hamil-
tonian

1 dh 2
(7.2) H(v, u, t) = 3 [v2 — 2¢ev p sin u — g2 ((fl—’:) cos2 u]

+ (1 —cosu) —uF cos wt,

where v is the momentum conjugate to » and the argument of A is vt. The
equations of motion are, therefore,

(7.3) 4=v —e¢—sinu,

dt

dt 2 \dt
dh .
c(v easmu ,

where the argument of & is vt.
If vt = + and differentiation with respect to = is denoted by prime, then
equations (7.3) become

(7.4) u' = glv — A sin u],

dh &2 (dh\2 | .
Q}.:_I:—gv-—cosu—{——(—) sm2u—|—smu—Fcoswt]

1
v = e[vh' cos u — 3 ()2 sin 2u — sinu — cv + ch’ sin u]

+ &F cos ewr.

where the argument of & is 7. Equations (7.4) are a special case of the system
(3.10), the expressions in the square brackets being periodic in fast time = and
the other expression is periodic in the slow time er.

Considering the special case where h(7) = A4 sin 7 and 4 is a constant,
the averaged equations (3.11) corresponding to equations (7.4) are

(7.5) u' = egv,
A2
v=—¢ [? sin % cos u + sinwu + cv] + &F cos ewr.

In terms of the original time ¢, these equations are equivalent to the equation
(7.6) u=0,

A2
= — (1 —i—?cosu) sin 4 — cv + F cos wit,
or the single second order equation

A2
(7.7) ii+c'd—|—(1 —|—? cosu) sin u = F cos wt.
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If equation (7.7) has a periodic solution of period 27/w such that the character-
istic exponents of its linear variational equation have negative real parts, then
Theorem 3.3 implies the original equation (7.1) has an asymptotically stable,
almost periodic solution which approaches this solution as £ —0. To find
conditions under which (7.7) has such a periodic solution, one can use the
results of Chapter IV or the method of averaging (Theorems 3.1 and 3.2)
directly on (7.7). For example, if F is small, one can use the results of Chap-
ter IV very efficiently as follows: For F = 0, the equilibrium solutions of (7.7)
are u=0, u=m and u=cos 1(2/42) if 42>2. If u= =+ w, then (7.7)

becomes
A2
(7.8) w+cw+(?cosw—l) sin w = F cos wt,

and this may be rewritten as
2

o (4 A2 .
w+cw+(?—l)w=FcOSwt+(—2—-—l)(w—smw)

A2
+ > (1 — cos w) sin w.

If A2/2 >1 and F is small, this equation satisfies the conditions of Theorem
IV.2.1 and Theorem IV.3.1. One can therefore assert the existence of an
asymptotically stable periodic solution of (7.8) of period 27/w. This implies in
turn that the pendulum described by (7.1) can execute stable motions in a
neighborhood of the upright position.

V.8. Exercises

ExXERCISE 8.1. An infinite conductor through which there tows a
current of magnitude I attractsaconductor 4 Bof length [ and mass m along
which there flows a current 7. In addition, the conductor 4B is attracted
by a spring C' whose force of attraction is proportional to its deflection with
proportionality constant k. With £ =0 chosen as the position of 4B when
the spring is undeflected, the equations of motion of AB are

(8.1) a§=y,g]=——k-(x— A )

m

where A = 2I1l[k. Discuss the behavior of the solutions of this equation along
the lines of example 1.3.

EXERCISE 8.2. Forc >0,k >0, w —1=0(c) as £ >0, find the periodic
solutions of

(8.2) i+ x = e[ —c& + had 4+ x cos 2wt].

Plot the frequency response curves, find the intervals on the w-axis for which
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there are one, two and three periodic solutions and discuss the stability
properties of these solutions.

Exercise 8.3. The equation of a plane pendulum with vertically
oscillating sinusoidal support can be written as

g — Iw? sin wt

(8.3) 6+ chd+ ;

sin 8 = 0.

If r=wt, I/l = ¢, 2k? = g[lw?, ¢c/w = 2ea We have
0" 4 2e0f’ + (€2k2 — € sin 1) sin § = 0, =d[dr.

Show that the system for ¢ small has periodic solutions of periad 27/w when 6
is in the neighborhood of either 0, 7 or 27 and cos~ 1(—2k2). Determine the
stability properties as functions of « and k. Introduce variables ¢ and Q by

0 =¢ — ¢sin 7sin ¢,
0" = eQ — & cos 7 sin ¢,
and use averaging.
ExEercise 8.4. Consider the second order system
(8.4) Z+ x = e[ f(x) — c& + sin wt],

where ¢ >0, 0 <& <1, f() is a continuous function of  and w — 1 = O(¢).
For ¢ small, determine w so that the equation has periodic solutions of
period 27/w. Determine the expression for the approximate frequency
response. Study the stability of the solutions. Show that if y = ¢1(w? —1)
then the periodic solutions are asymptotically stable if ¢ > 0 and

i—j [y + G(a) +- O(e)] <O,

where G(a) = (1 /mz)f f(a cos @) cos ¢ dp. Use the transformation z = A(t)-
cos (wt + O(2)), £= —wA(t) sin (wt 4 O(t)). Note that y 4 G(a) =0 is the
approximate relationship between the amplitude and frequency of the
periodic motion of the autonomous problem with ¢ = 0.

V.9. Remarks and Suggestions for Further Study

The results of Section 1 on conservative systems are extremely simple but
at the same time not very informative except for dimension 2. For high
dimensional conservauve systems, the theory has been and will continue to be
a challenge for many years to come. Recently, Palmore [1] and Palamodov [1]
have proved H(p,q) = p'p/2 + V(q) real analytic and g not a minimum of V
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implies the equilibrium point (0,0) is unstable. Laloy [1] gave a simple example
showing this result is false if one only assumes V is C ™. For further references
on this problem, see Rouche, Habets and Laloy [1]. For other fascinating
aspects of conservative systems, see Poincare [2], Birkhoff [1], Kolmogorov [1],
Arnol’d [2], Moser [13], Siegel and Moser [1].

The method ot averaging of Section 3 evolved from the famous paper of
Krylov and Bogoliubov [1] and is contained in the book of Bogoliubov and
Mitropolski [1]. The basic Lemma 3.1 is due to Bogoliubov [1]. Theorem 3.3
as well as the example in Section 7 are due to Sethna [1]. There are many
variants of the method of averaging and the reader may consult Mitropolski
[1] and Morrison [1] for further discussion as well as additional references.
Other illustrations of equations which exhibit interesting oscillatory pheno-
mena may be found in the books of Bogoliubov and Mitropolski [1], Malkin
[2], Minorsky [1], Andronov, Vitt and Khaikin [1], Hale [7].



CHAPTER VI

Behavior Near a Periodic Orbit

In Section I1I.6 and Chapter IV, a rather extensive theory of the behavior
of solutions of a system (and perturbations of a system) near an equilibrium
point has been developed. In this and the following chapter, we consider the
same questions except for a more complicated invariant set; namely, a closed
curve.

Suppose u: R — R” is a periodic function of period w which is continuous
together with its first derivative, du(f)/df 0 for all 8 in (—o0, o) and
u: [0, w) — R™ is one-to-one. If

(1) I'={zx € R": x = u(6), 0<60= w),

then I is a closed curve and is actually a Jordan curve.
Suppose f: B® — R” is continuous and satisfies enough smoothness pro-
perties to ensure that a unique solution of

2 & =f (=)

passes through any point in R=.

Throughout this chapter, it will be assumed that the curve I' is invariant
with respect to the solutions of (2); that is, any solution of (2) with initial
value on I remains on I' for all ¢ in (—o0, 00). If I is a periodic orbit of (2),
then there is a periodic solution ¢(¢) of (2) such that

I'={x: x = ¢(1), —o0 <t << oo}

In this case, we may choose the parametric representation of I' to be given by
the function ¢, that is, we may choose u = ¢. For periodic orbits, such a
parametric representation always will be chosen in the sequel. If T" is not a
periodic orbit, then it must contain equilibrium points and orbits whose «-
and w-limit sets are equilibrium points.

From the previous remarks, if *(t), — o0 <t < 00, is any solution of (2)
with 2*(0) in I, then there are three possibilities: (i) there is a 7 > 0 such that
x*(t) is periodic of least period 7, (ii) *(t) is an equilibrium point; (iii) *(¢) has
its a- and w-limit sets as equilibrium points. In the first case, the curve I' can

213
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be represented parametrically by z = 2*(8), 0 < 6 < r and any solution of (2)
on I [such a solution must be z*(t + «) for some constant «] defines a function
6(t), —oo <t < oo, such that § = 1. In either case (ii) or (iii) any solution
x2*(t) of (1) on I' defines a continuously differentiable function 6(t) =
u~l(z*(t)), —o0 <t < 0o, and O = g(6) where g(8) = [du—1(u(0))/dx]f (u(0)) =
[du(8)/d0]-1f (»(6)). In particular, in case (ii), there must be a zero of g(f). In
all three cases, we can, therefore, assert the existence of a continuous function
g(6) such that

du(6
® o =swo), 0tw=i0, 0sise

Furthermore, if I is generated by a periodic solution of (2), then g(6) can
be taken =1 and if I" contains an equilibrium point of (2), there must be a
zero of g(6).

In this chapter, our main concern is the behavior of the solutions of (2)
near a periodic orbit (sufficient conditions for stability and the saddle point
property) and the existence of a periodic orbit for the system

4) & =f(z)+ F(=,?),

for the case in which F is a small perturbation independent of ¢. In the next
chapter, the discussion will allow I' to be an arbitrary invariant curveand the
perturbations F to depend on ¢. In both cases, the first step will be the intro-
duction of a convenient coordinate system in a neighborhood of I'. Such a
coordinate system is introduced in this chapter.

VL1, A Local Coordinate System about an Invariant Closed Curve

By a moving orthonormal system along I' is meant an orthonormal
coordinate system {ei(f), ..., en(d)} in R» for each 0 in [0, w] which is
periodic in 6 of period w and one of the ¢;(0) is equal to [du(6)/d8]/ |du(6)/d0)|.

The first objective is to show there are moving orthonormal systems for
I'. For this purpose, the following lemma is needed.

Lemma 1.1. Ifn = 3 and »(0) is a unit vector in R” which has period w
and satisfies a lipschitz condition, then there exists a unit vector £ (indepen-
dent of 6) such that v(0) = +£ for all 6.

Proor. This lemm4 is a consequence of well known facts from real
variables. In fact, the set z =v(f), [v(f)) =1,0< 0L w, is a curge{?{on the
unit sphere 871 in R%. Since v(8) is lipschitzian, this curve is rectifiable and a
rectifiable curve on a sphere in R?, n = 3, covers a set of measure zero. There-
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fore, there always exists a vector ¢ in S7~1 which is not on this curve or the
curve defined by —v(6).

Rather than invoke this result, a proof is given here. If § is any set on the
unit sphere in R” of diameter <<d, then there is a constant K (independent of
S) and a spherical cap S, such that § = 8, and the area of S, is less than
Kdn-1_ If M is the lipschitz constant for v; that is, |#(6) — v(6")| < M|6 — ¢'|,
and if the interval [0, w) is divided into N equal parts, then the curve defined
by (), 0 < § < w, may be covered by spherical caps whose total area is less
than NK(Mw/N)»-1. Similarly, the curve defined by —v(6), 0 £ 6 < w may
be covered by spherical caps whose total area is less than the same quantity.
Since n = 3, this upper bound on the area approaches zero as N — oo, which
implies that the vector £ can be chosen from ‘“almost ’ any place on the unit
sphere. This proves the lemma.

For the statement of the next result, let ¥2(R, R") designate the space of
functions taking R — R™ which are continuous together with all derivatives
up through order p.

TaeoreM 1.1. If we%?(R, R*), p=2, ull+ow)=ulb), o>0,
du(0)/d0 #0, 0 < 0 <w, and I' is defined in (1), then there is a moving
orthonormal system along I' which is €7-1(R, R»).

Proor. Suppose n = 3. If v(6) = [du(6)/d0]/ |du(0)/db|, then the hypo-
theses on u imply that v is periodic of period w and lipschitzian. Let e; be a
constant unit vector (the existence of which is assured by Lemma 1.1) such
that e; # + v(0),0 £ 0 £ w. Adjoin to e; any constant vectors ez, ..., e,
such that {ej, ..., e,} is an orthonormal basis for R". The moving orthonormal
system along I' is then obtained in the following manner: let 8 be the (n — 2)-
dimensional subspace of R” orthogonal to the plane formed by e; and »(6).
Rotate the coordinate system about S in the positive sense until e; coincides
with v(0) (see Fig. 1.1). If £5(6), . . ., £a(0) are the rotated positions of eg, .. .,
em, then the moving orthonormal system is given by

(L1) ©(0), &2(0), ..., £n0)}, O0<OSo.
If y4(0), 5=1, 2, ..., n, are the direction angles of v(8), e; - v(6) = cos y;(6),
j=1,2, ..., n, then one can show that the vectors {; are given by

cos y;(6)

(1.2) £i(0) =¢; (e1 + v(8)), ji=2,3,...,n.

T+ cosyi(6)
The derivation of (1.2) proceeds as follows. Suppose
ej=¢&+ Ajer + p;v,
where é; belongs to S. The final position of &; is then
§=2¢+ e +pjv,
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Figure VI.1.1

where X', p are determined from A;, p; by a rotation in the ¢,, v plane by an
angle y; with cos y1 = e; * v. Therefore

Aj= —H pi= )‘j + 2p; cos y,,
and
& =5 — (A 4 py)er + [Aj + py(2 cos y1 — ).
Since S is orthogonal to e;, v, it follows that
€ - [e; — }\161 -—y.j'v] =0,
v-[e;—Ajer — pyv] =0,
and this implies

COS 1 COS ¥j €os y;

N=

sin2y; 77 sin? y
Substituting in the expression for ¢;, one obtains (1.2).

For the case n = 2, the moving orthonormal system is easily constructed
as

(1.3) (v(0), £2(0)),  £a(8) = £ (—v2(6), v(6)),

where the coordinates of v are v1, vg.
The explicit formulas (1.1)-(1.3) for the moving orthonormal system
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along I clearly imply that the system is ¥7-1(R, R®) if u is ¥?(R, R"). This
completes the proof of the theorem.

Once a moving orthonormal system along a closed curve I' is known, it is
possible to use this system to obtain a coordinate system for a * tube *’ around
I'. In fact, with «(6) as in Theorem 1.1, v(6) = [du(8)/d0]/|du(6)/db|, let

(v, €2, ..., €n) be a moving orthonormal system along I'. Consider the
transformation of variables taking z into (6, p), p = col(pz, ..., ps) given by
(14) z=u()+ZO0p, Z=[f2,....&n) 0S6<uw.

The matrix Z is the » X (n — 1) dimensional matrix whose columns are the
vectors &2, ..., &p.

To show that this transformation is well defined in a sufficiently small
neighborhood of I', that is, p sufficiently small, let

F(z, 0, p) = w(8) + Z(6)p —=.
The partial derivatives of F with respect to 8, p are

oF duw(8) dZ(0)

%= a6 " ag

oF

—é-p— = Z(0).
For p =0, det[0F /26, 0F|op] = |du(6)/d6) - det[v(6), Z(6)] # O for 0 < § < w
since du(6)/d0 # 0 for all 6 and v(0), Z(6) is a moving orthonormal system.
Therefore, there is a § > 0 independent of @ such that det[0F /o8, 0F[p] # 0
for |p| < 8,0 £ 0 < w. Since the closed curve I' is compact, a finite number of
applications of the implicit function theorem shows that (1.4) is a well defined
transformation for 0 < |p| £ p1, p1>0,0 2 0 £ w.

We now make the transformation (1.4) on the differential equation (4)
using the fact that  satisfies (3) to obtain new differential equations for 6, p.
It is assumed that f has continuous first derivatives with respect to z and »
satisfies the conditions of Theorem 1.1.

If 2(t) = u(0(t)) + Z(0(t))p(t) satisfies (4), then

du(9) dZ(0
(1) [%‘0—) + 220 ]9 + Z(0)p — f (w(6) + Z(O)p) + F(t, u(6) + Z(O)p).

In a py-neighborhood Ty, of T, the coefficient matrix of 6, g is nonsingular.
Therefore, equation (1.5) can be solved for 6, p as a function of 6, p, t. The
explicit form of the equations are obtained as follows. Using (4) and projecting
both sides of (1.5) onto v(6), one obtains

(1.6) 0=g(0) + /16, p) + 1'(6, p)F(¢, w(8) + Z(0)p),
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where &' is the transpose of A,

du ()
do

dZ(9)

1
(L.7) (0, p) = [ 20 P] v(0),

' +0'(6)

f1(8, p) = —1(6, p) L) ”

pg(6) + k' (6, p)Lf (u(6) + Z(8)p) — f (u(H))],

By projecting both sides of ¢1.5) onto Z(6), and using the fact that
Z'(0)f (u(8)) = Z'(6)g(6) du(6)/d0 =0, where Z' is the transpose of Z, one
obtains

dz(0)

(18) p=AB)p+1(0, p) + Z(6) [I — S 6. )| P o)+ Z00p).

where Z' is the transpose of Z and

dZ(9) of ( (9))

9(6) +

(1.9) A= Z’(O)[ Z(O)]

Z(0)

fz(9,.p) —Z'(0) pfi(6. p)

of (u(9))

+ Z’(0)[f(u(0) + Z(0)p) — f (w(6)) — Z(0) ]

From the above expressions for these functions, it is easily seen that
f1(6, p), fa(6, p) have continuous partial derivatives with respect to p up
through order k = 1 if f (x) has continuous partial derivatives with respect to =
up through order k¥ = 1. Furthermore, fi(6, p) = O(|p|) as p —0and f2(6, 0)=0,
of2(0, 0)/@p = 0. The number of derivatives of these functions with respect to
0 is one less than the minimum of the derivatives of f and du(0)/d6. Also, the
equations in 6, p contain F in a linear fashion multiplied by matrices which
have an arbitrary number of derivatives with respect to p and (p — 1) deriva-
tives with respect to § if u has p derivatives with respect to 6. These results
are summarized in

THEOREM 1.2. If u satisfies the conditions of Theorem 1.1 with p = 2
and fe ?-1(Rn, Rn), then there exist a 8 >0, n-vectors fa(6, p), (6, p) a
scalar f1(6, p), an (n — 1) X (n — 1) matrix A(f) and an (r — 1) X n matrix
B(6, p) with all functions being periodic in 8 of period w and having con-
tinuous derivatives of order p — 1 with respect to p and p — 2 with respect to
Ofor0 =< |p| £ 8, —0 << 0,

(1.10) £1(6,p)=0(lpl)  as |o| >0,
af2(0’ 0)
0, 3

fa(6,0) = =0,
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such that the transformation (1.4) applied to equation (4) for |p| < 8 yields the
equivalent system,

(1.11) 6 =g(6) + f(6, p) + k'(6, P)F(t, u(6) + Z(B)p),
p=AO)p+ f2(0, p) + B(6, p)F(t, u(6) + Z(6)p),

where ¢(0) is given in (3).

VI.2. Stability of a Periodic Orbit

In this section, the case is discussed in which the closed curve I is
generated by a nonconstant w-periodic solution z0 of (2) and f has continuous
first derivatives with respect to z. As mentioned before, we can assume that
the parametric representation of I' is = 29(6), 0 < 6 < w; that is, u can be
chosen as z° and u satisfies (3) with g(f) =1 for 0 £ § £ w. Since f(z) has
continuous first derivatives in z, the function %(f) has continuous second
derivatives in 8. In terms of the local coordinate system (1.4), the behavior of
the solutions of (2) near I are given by the solutions of the differential system

(2.1) 6=1+f(0, p),
p=A(6)p + f2(0, p),

az®) s
a0 -z -0+ LD

Z(0))],

where f1(6, p), f2(8, p)are continuous in 6, p, have continuous first derivatives,
with respect to p, and have period w in 6. These functions satisfy (1.10); that
is,

(2.2) 1fu(6, p)l =O(lpl),  as [p| >0,
f26,0)=0, afzf’ Do,
P

Also associated with the periodic solution %(6) of (2) is the linear varia-
tional equation
dy  of(u(0))
2.3) | =V

This linear system with periodic coefficients always has a nontrivial
w-periodic solution. In fact, du(f)/df is a nontrivial w-periodic solution of
this equation since (2) implies d2u/d02 = [of (u(0))/0x] du/df.- Therefore, at
least one characteristic multiplier of (2.3) is equal to unity.
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LemMa 2.1. If the characteristic multipliers of the n-dimensional
system (2.3) are pi, ..., un-1, 1, then the characteristic multipliers of the
(n — 1)-dimensional system

d
(2.4) £ = A(0)p,

where A(0) is given in (2.1), are p, ..., tp-1.

PrOOF. Suppose Zisthen X (n — 1) dimensional matrix defined in (1.4).
The vector du(6)/d0 and the columns of Z(6) are orthogonal since v(8), Z(6) is
a moving orthonormal system. Thus, for any n-vector y, there is uniquely
defined a scalar B and (n — 1)-vector p such that y = B du(6)/d0 + Z(0)p. If y
is a solntion of (2.3), then using the fact that d2u/d62 = [3f (u(0))/0x] du/dd
and the columns of the matrix (v, Z) are orthogonal, one immediately deduces
that p satisfies (2.4). This shows that the normal component of the solution of
the linear variational equation coincides with the solution of the linear varia-
tional equation of the normal variation.-

Now suppose w?, ..., w" are (n — 1) solutions of (2.3), Y1isthen x n —1
matrix defined by Y1 =[w?, ..., w"] and Y (6) = [du(0)/d6, Y1(0)] is a funda-
mental matrix solution of (2.3). If K is defined by Y (w)= Y(0)K, then the
eigenvalues of K are the characteristic multipliers of (2.3). From the definition
of Y, it follows immediately that K must be of the form

1 K,
K= [0 Kl]’

and, therefore, the multipliers y;, . . ., pp—1 of (2.3) defined in the statement of
the lemma are the eigenvalues of K;. If Y7 =[du/d0]a + ZR, where a =
row(az, ..., ay) and R is an (n — 1) X (= — 1) matrix, then the remarks at
the beginning of this proof imply that R is a matrix solution of (2.4) with
R(w) = R(0)K,. The matrix R(0) is nonsingular. In fact, if there exists an
(» — 1)-vector ¢ such that R(0)c =0, then Y;(0)c — [du(0)/df]ac = 0. Since
Y(0) is nonsingular, this implies ¢ =0 and, therefore, R(0) is nonsingular.
Since R(0) is nonsingular, R(f) is a fundamental matrix solution of (2.4) and
K is the monodromy matrix of R. Thus, the eigenvalues of K; are the multi-
pliers of (2.4) and the proof of the lemma is complete.

Let us recall some of the previous concepts of stability. If M is a set in
R, an n-neighborhood Uy(M) is the set of z in R® such that dist(z, M) <.
An invariant set M of (2) is said to be stable if for any £ > 0, there isa § >0
such that, for any 0 in Us(M), the solution z(, 20) is in U¢(M) for all £ = 0.
An invariant set M of (2) is said to be asymptotically stable if it is stable and in
addition there is b >0 such that for any 20 in Up(M) the solution z(¢, o)
approaches M as t — oo. If u(t) is a nonconstant, periodic solution of (2), one
says the periodic solution u(t) is orbitally stable, asymptotically orbitally stable
if the corresponding invariant closed curve I' generated by u is stable,
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asymptotically stable, respectively. Such a periodic solution is said to be
asymptotically orbitally stable with asymptotic phase if it is asymptotically
orbitally stable and there is a b > 0 such that, for any z¢ with dist(xp, I') <,
there is a 7 = 7(xo) such that |x(t, xo) — u(t — 7)| >0 as t - o0.

TuEorREM 2.1. If fis in ¥1(R”, R"), u is a nonconstant w-periodic solu-
tion of (2), the characteristic multiplier one of (2.3) is simple and all other
characteristic multipliers have modulus less than 1 (characteristic exponents
have negative real parts), then the solution u is asymptotically orbitally stable
with asymptotic phase.

Proor. The solutions in a neighborhood of the orbit I' of » can be
described by equation (2.1). The above hypotheses and Lemma 2.1 imply that
the characteristic multipliers of (2.4) have modulus less than 1. For a suffi-
ciently small neighborhood of I'; that is, p sufficiently small, ¢ may be elimina-
ted in (2.1) so that the second equation in (2.1) has the form

d
2.5) c{;-=A<0>p +f3(6, p),

where f3(0, p) has continuous first partial derivatives with respect to
p, f3(0,0) =0, df3(6, 0)/op =0. Theorems II1.2.4 and IIL.7.2 imply ‘there
are K >0, «>0, >0 such that for |po| <7 the solution p(8, 6o, po),
p(6o, B0, po) = po, of (2.5) satisfies

(2.6) [p(8, B0, po)| < Ke=*0=0d| po|, 6= bo.

This proves the asymptotic stability of the solution p = 0 of (2.5). Since § >1/2,
we have asymptotic orbital stability of I'.

Equations (2.5) yield the orbits of (2) near I'. The actual solutions of (2)
near I are obtained from the transformation formulas (1.4) and the vector
(0(2), p(6(t), Bo, po)) where p(8, 8o, po) satisfies (2.5) and 6(¢), O(to) = by, is the
solution of the first equation in (2.1) with p replaced by p(8, 6o, po). To prove
there is an asymptotic phase shift associated with each solution of (2), it is
sufficient to show that 6(t) —¢ approaches a constant as ¢t > co. If § =t + ,
then

2.7) P(t) = fi(t + 4, p(t + ¥, to + o, po))-

Since § > 1/2, the map taking ¢ to 6(¢) has an inverse. Making use of this
fact and recalling that 6(¢) = ¢ + (), we have

0O = V(1) + [ 1:00,000,00,p0))ds

2.8) o)

= 0e0)+ [, 110.60),00,p0) S5
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Since if1(0,0)| <L|pi,relation (2.6) and |dt/d8i < 2 imply

dt o6 —
1£16,000,00,00)) 5 | < 2K e=C =g,

Since 0(¢) ~ oo if and only if ¢ >0 and

f 2LK e %0 =00)|p,|df < oo,

we have

i, [} £100,000,00,00))d1

exists. From (2.8), this implies Y(#) approaches a constant as ¢ - oo. This
completes the proof of Theorem 2.1.

Exzeroise 2.1.  Give an example of an autonomous system which has an
asymptotically orbitally stable periodic solution but there is no asymptotic
phase.

TaeorEM 2.2. If u is a nonconstant w-periodic solution of {2) with
(n — 1) characteristic multipliers of (2.3) having modulii different from one,
then there exist a neighborhood Wr of the closed orbit I' in (1) and two sets
St, Ur such that Sr n Ur =T and any solution of (2) which remains in W
fort = 0 (¢t £ 0) must lie on Sy (Ur). If a solution z of (2) has its initial value in
St (Ur) then z(t) —I' as t — oo (t— — 00). Furthermore, if p (g) characteristic
multipliers of (2.3) have modulii <1 (>1) then Sr (Uy) is either a p-dimen-
sional (¢-dimensional) ball times a circle or a generalized Mdbius band.

ProoF. In a neighborhood of the periodic orbit, I', the orbits of (2) are
given by the transformation (1.4) and the solutions p(6) of the real systém of
differential equations (2.5). The Floquet representation theorem implies that
the principal matrix solution of (2.4) can be expressed as P(8)eB¢ where P(6)
is periodic of period w. Furthermore, Exercise IT1.7.2. asserts that P(8) can
always be chosen real if it is only required that P be periodic of period 2w. If P
has been chosen in this manner, the real transformation p = P(6)r applied to
(2.5) yields the equivalent real system

(2.9) 7= Br +f4(0a r),

where f4(0, 0) =0, 8f4(0, 0)/or = 0, f4(0, r) is periodic in § of period 2w, and
the eigenvalues of B have nonzero real parts. The conclusion of the theorem
now follows immediately by the application of Theorem IV.3.1 to (2.9) and
using the transformation p = P(f)r.
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It is reasonable to call Sy and Uy the stable and unstable manifolds,
respectively, of the periodic orbit I"

The following example illustrates that Sy may be a Mobius band. It
looks complicated, but actually isn’t if one looks at the example in the
manner in which it was invented; namely, the development was from the
final result desired to the differential equation. Consider the equations

(2.10) (a) 7#=A(0)r,
(b) 6=1,

where r = (r1, r2), 0 are given in terms of the coordinates z, y, z in R3 by
= (r1+1) cos 4mb, y = (r1 + 1) sin 470, z =ra, and 4(0 + 1/2) = A(6) with

A(f)=2 [—cos 470 7 -+ sin 4110]

—m 4 sin 4760 cos 470

In R3, there is a periodic solution of period 1/2 and the periodic orbit I is
the circle of radius one in the (z, y)-plane with center at the origin. It will be
shown that this periodic orbit has stable and unstable manifolds which are
Mo6bius bands.

The principal matrix solution of the equation (2.10a) is P(6) exp Bf
where

—sin 270 cos 276

-2 0

a2 9]

The matrix A(6) has period 1/2 whereas the matrix P(f) has period 1 in 6.
Furthermore, it is easily seen that no Floquet decomposition of the principal
matrix solution can have real periodic part and at the same time have period
1/2. The characteristic multipliers of the system are the eigenvalues of
P(1/2) exp B which are —e~1, —e.

The stable and unstable manifolds of I" are given by

PO) = [ cos 270  sin 2#0]’

Sr={(z, v, z) 17 =¢e"20 (cos 270, —sin 27r6)a, 0 £ 0 <}, —ap <a <ag},
Up={(z,y,2): r=¢20 (sin 276, cos 270)b, 0 < 0 < }, —bo < b < b},

where ag, bg are positive constants. It is clear that these surfaces are M6bius
bands.

ExErcise 2.2. Prove that any solution of the stable (unstable) mani-
fold Sp(Ut) of I in Theorem 2.2 must approach the orbit I" with asymptotic
phase as t > o0 ({ > —0).
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V1.3. Sufficient Conditions for Orbital Stability in Two Dimensions

Consider the real two dimensional system

(3.1) z=X(z,y),

y= Y (=, ),
where X, Y are continuous together with their first partial derivatives in R2.
Suppose 29(t), ¥0(t) is a nonconstant periodic solution of period w of (3.1) whose
orbit in the (z, y)-plane is I'. The linear variational equations of this solution
are

3.2 . X +6X

. —_—— —,

(3.2) = ayy
214 +3Y
y—a 3yy’

where the functions are evaluated at z9(t), ¥%(t). Lemma ITI.7.3 implies that
the product of the characteristic multipliers of (3.2) is

exp[ fr(aX/ax + 9Y/oy) dt] .

Since 1 is a characteristic multiplier of (3.2), this exponential must be the
other multiplier. Using Theorems 2.1 and 2.2, we can therefore state the
following sufficient conditions for stability and instability of I".

LemMMA 3.1.  An w-periodic solution z9(¢), y9(t) of (3.1) has a multiplier of
(3.2) less than 1 and, thus, is asymptotically orbitally stable with asymptotic
phase if

0

oX (20(t i 0(t), yo(¢
[ ( ()y°()) x()y(»]dt<0,
ox oy
and has a multiplier of (3.2) greater than 1 and hence unstable if this integral
is positive.
To illustrate the application of this lemma, consider the scalar equation

(3.3) E+ f(x)% + g(x)=0
or the equivalent system
(3.4) o E=y,

¥= —9() —f()y,
where f, g are continuous together with their first derivatives on R, and f
has isolated zeros.
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If E(x,y) =922 + G(z), G(z) =J.:g(s) ds, then the derivative £ of E
along the solutions of .(3.4) is given by
(3.5) i = —f(x)y? = 2f (2)[G — E].

If x(t) is a nonconstant solution of (3.3), then there can be no # such that
#(f) = #(f) = 0. Ih fact, if this were the case, then 20 = z(f) would be a zero of g
and uniqueness would imply z(t) = 0 for all t. Suppose %(f) = 0 and &(f) # 0.
Then the solution z(t) has a local extremum at f and must be either greater or
less than z(f) in a neighborhood of I. Since the zeros of f(x) are isolated, it
follows that f (x(t)) must be of constant sign near f and consequently £ cannot
have an extremum at .

If I' is a closed orbit of (3.4) determined by a periodic solution x0(t) of
(3.3), then E assumes a minimum value on I' for ¢ = and the above remark
implies that f(z0(f)) =0, y(f)= =9 #0. Therefore, if G(2%(%)) = h, then
E(t) > h for all t. From (3.5), it follows that

E 2(G — h)f
R Ay
and integration over I' yields
_( &N,
(3.6) fr fdt= r_rh_

From Lemma 3.1 and the special form of (3.4), the linear variational
equation of the orbit I' will have a multiplier <1 if (3.6) is positive and >1
"if (3.6) is negative. In particular, this multiplier will be <1 if G(x) takes the
same value v for all zeros of f(x) and [G(x) —y]f(x) is positive when f(x) # 0.
As a particular case which will be useful in the sequel, we state

Lemma 3.2. If f, g have continuous first derivatives in B ami
(i) flx)<Ofora <z <P, f(x) >0 for z <o, z>Pand « <0 <B,
(ii) zg(x) >0 for x # 0,

(i) G(x) = G(B) where G(z) = fo’g(s) ds,

then any closed orbit of (3.4) has a characteristic multiplier in (0, 1) and is
thus asymptotically orbitally stable with asymptotic phase.

An important special case of Lemma 3.2 is the van der Pol equation
E—k(l —a22)z+2x2=0,k>0.

VI1.4. Autonomous Perturbations

Consider the system of equations

(4.1) Z=f(x) + F(z, ¢),
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where f: R#» — Rn, F: R+l — Rn are continuous, f(x), F(x, ¢) have continu-
ous partial derivatives with respect to z and F(z, 0) = 0 for all z. If system (2)
has a'nonconstant periodic solution u(t) of period w whose orbit is I, then the
linear variational equation for w is

of (u(t
_duw)

(4.2) -

THEOREM 4.1. If n —1 of the characteristic multipliers 1, ..., pp-1 of
(4.2) are 1, then there is an g >0 and a neighborhood W of I' such that
equation (4.1) has a periodic solution u*( -, €) of period w*(e), 0 < |¢| < &0,
such that w*(-, 0) =u(-), w*(0) = w, u*(t, &) and w*(¢) are continuous in ¢, ¢
for tin R,0 < Iel < eo. If none of yy, ..., Hy_1isaroot of one, then for any
constant k& > 0, the neighborhood W can be chosen so that w*(+,¢) is the only
periodic solution of (4.1) of period <k in W.If uy, ..., 1 have modulii <1,
then u*(+,€) is asymptotically orbitally stable with asymptotic phase and is
unstable if any u; has modulus >1.

Proor. Theorem 1.2 and the transformation (1.4) imply that system
(4.1) is equivalent to the system (1.11) with F(¢, z) replaced by F(z, ¢) above.
Elimination of ¢ in these equations yields a system

(4.3) — A@)p+ R(, p, ¢),

d0
where A(6), R(6, p, €) are w-periodic in § and R is in %/ 4(y, M) where
Zéf(n, M) is defined in Section IV.2. Lemma 2.1 implies that the.charac-
teristic multipliers of dp/df = A(f)p are the numbers pj, ..., up-1. Theorem
IVv.2.1 implies the existence of an gy >0, po >0 and an w-periodic solution
p*(8, €) of (4.3) continuous in 8, &, 0 < || < €0, p*(0, 0) =0, and p*(b, ¢) is
the only w-periodic solution in the region |p| < po. Theorem IV.3.1 yields
the stability properties of p*(f, ¢) when uy, ..., pn-1 have modulii different
from one. Using this p*(0, ¢) in the first equatlon in (1.11) and letting 6(t)
be the solution of this equation with 6(0) = 0, one finds there is a unique con-
tinuous w*(e), 0 < |&| < €0, w*(0) =w, such that H(w*(e)) = w, 0 < |¢] < €o.
The function 6(t), p*(6(t), €), and the transformation (1.4) yield the desired
periodic solution of (4.1) and the stability properties are as stated in the
theorem. :
Suppose now that no u;,j=1,2,...,n—1, is a root of 1. For any
integer k, the periodic solution u of (2) has period kw and, therefore, all of the
functions in the equations of the above proof can be considered as ﬁeriodic
in @ of period kw. The hypothesis on the u; imply by Theorem IV.2.1 that
there is a periodic solution of (4.3) of period kw for 0 < |¢| < g and this
solution is unique in the region.|p| < pg . Therefore, this solution must be the
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p*(0, £) given above. But, any periodic solution  of (4.1) which lies in a suffi-
ciently small neighborhood of I' must define a closed curve in R” with a
parametric representation of the form z = u(60) + Z(0)p(0, &) where p(0, ¢) is a
periodic solution of (4.3) of period kw for some integer k. This completes the
proof of the theorem.

ExErcIsE 4.1. Suppose g(z, y) has ccntinuous first derivatives with
respect to z, y. Show there is an g9 > 0 such that for |e| <¢, the equation '

% —k(l —22)% 4z = gg(z, £), k >0,

has a unique periodic solution in a neighborhood of the unique periodic orbit
of the van der Pol equation

Z—k(l —22)z+2=0.

Can you prove that this orbit is asymptotically orbitally stable with asymptotic
phase?

ExERrcISE 4.2. Give an example of an autonomous system &= f(x)
which has an w-periodic orbit I" whose linear variational equation has 1 as a
simple multiplier and yet, in any neighborhood of I, there are other periodic
orbits.

ExercisE 4.3. Is it possible for an equation #=f(x) to have an
isolated w-periodic orbit I' whose linear variational equation has 1 as a simple
multiplier and yet, there is a perturbation eg(x) such that in any neighborhood
of I' there is more than one periodic orbit?

VL5. Remarks and Suggestions for Further Study

The particular construction of the moving orthonormal system given in
Section 1 is based on a presentation given by Urabe [1] for the case in which
the closed curve I' is a periodic orbit. The manner in which the coordinate
system is used’to obtain a set of differential equations equivalent to (4) in a
neighborhood of T' is different. Since Urabe discusses only the case of a
periodic orbit, it is possible to obtain the equations for the normal variation
explicitly in terms of ¢ and not 6 as in (1.11). Lemma 1.1 was given by
Diliberto and Hufford [1]. Lemma 3.2 is due to Coppel [1, p. 86]. The stability
Theorem 2.1 was known to Poincaré for analytic systems.

In general, it is very difficult to discuss the behavior of solutions of (2) in
a neighborhood of an orbit when more than one characteristic multiplier of
(2.3) has modulus equal to one. Hale and Stokes [1] have given the following
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result. If system (1) has a k-parameter family of periodic solutions, then the
linear variational equation has k characteristic multipliers equal to one. If the
remaining multipliers have modulus less than one, then every orbit in this
family is stable and, in fact, the solutions of (2) near this family approach a
member of this family asymptotically with asymptotic phase.

Autonomous perturbations of nonlinear systems which possess a k-para-
meter family of periodic solutions is extremely difficult and is discussed at
great length in the book of Urabe [1]. Under the hypothesis that only one
multiplier of the linear variational equation has modulus one, the behavior of
solutions near a periodic orbit of a nonautonomous perturbation of (2) will be
discussed in the next chapter. If the nonautonomous perturbation is ‘“small ”’
for large ¢; that is, the system is ‘ asymptotically ”’ autonomous, then one can
discuss the qualitative relationship between all solutions of the nonauto-
nomous equation and the autonomous one without any hypotheses regarding
the solutions of the autonomous one (see Markus[1], Opial [1], Yoshizawa [1]).
For nonautonomous perturbations of k-parameter families of periodic solu-
tions, see Hale and Stokes [1], Yoshizawa and Kato [1].



CHAPTER VII
Integral Manifolds of Equations with a

Small Parameter

Assuming that system (VI.2) has an invariant set which is a smooth
Jordan curve I', it was shown in Chapter VI that a transformation of variables
could be introduced in such a way that the behavior near I" of the solutions
of a perturbation of (VI.2), namely (VI.4), is reduced to a study of the
equations

0=g(6) + O(t, 6, p),
p=C(0)p + R(t, 6, p),

where p represents the normal deviation from I' and g(6) represents the
behavior of the solutions of the unperturbed equation on I'. If g(6)=1,
the curve I' corresponds to a periodic orbit and if g vanishes at some point,
then an equilibrium point lies on I'.

For g(0) =1 and the perturbations independent of ¢, some specific results
were given in Chapter VI for the above equation. The analysis for this case
is extremely simple since the problem is easily reduced to the study of the
behavior near an equilibrium point of a nonautonomous system. On the
other hand, if ®, R contain ¢ explicitly, then one cannot reduce the question
to such a local problem since ¢ cannot be eliminated from the equations even
if g(6) = 1. One must study the behavior near the invariant set itself. If g(6)
has a zero for some value of 6, then the problem remains nonlocal even if
0, R are independent of ¢. Other difficulties also arise in this latter case and
will be discussed later.

The purpose of this chapter is to study such nonlocal problems for even
more general systems than the above. More specifically, we will be concerned
with equations of the form

1) 6= 0%t 6, z,y, e) =w(t, 0, &) + O, 6, z, y, &),
a‘: == A(o, 8):5 + F(ty 0’ x: ?/, 8)7
y=B(6, &)y + G(t, 0, z, y, ¢),

290
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where (¢, 6, x,y) is in R X R¥ x R® X R™, the matrix A(0, ¢) is of such a
nature that the solutions of #= A(6, ¢)x approach zero exponentially as
t — 00, the solutions of ¥ = B(0, ¢)y approach zero exponentially as ¢t - — oo,
for some class of functions 8(t), and F, @, ® are sufficiently small in some
sense for z, y, € small. These statements will be made more precise later.

It will not be assumed that the functions in (1) are periodic in the vector
0 although it will be assumed they are bounded for z, ¥ in compact sets. In
specific applications, a frequently occurring special case of (1) does have all
functions periodic in 6. Such problems arise naturally from the study of the
local perturbation theory of differential equations near an invariant torus.
In many important situations, the flow on the invariant torus is parallel
in the sense that all solutions are either periodic or quasiperiodic and then
w(t, 6, ¢) in (1) is a constant vector. If equations (1) arise from the local
perturbation theory of a periodic orbit, then 6 is a scalar, w is a constant and
the Floquet theory for periodic systems permits one to take the matrices
A(6, &), B(0, ) independent of §. For the general perturbation theory of
invariant torii with parallel flow, the matrices A(6, ), B(0, €) cannot be
taken independent of 6 because there is no Floquet theory for general almost
periodic systems. The exercisesin Section 8 illustrate the many ways in which
equations of type (1) arise.

Definition 1. A surface S in (z, t)-space is an integral manifold of a
system of ordinary differential equations Z = Z(z, t) if for any point P in §,
the solution z(¢) of the equation through P is such that (z(t), t) is in S for all
t in the domain of definition of the solution 2(t).

Our interest in this chapter lies in determining in what sense the qualita-
tive behavior of the solutions of (1) and the system

(2) 6 =w(t, 0, 0),
i=A(0, O)e,
9= B(06, 0)y,

are the same. This system has an integral manifold S in R X R¥ x R» x Rm
whose parametric representation is given by

S={¢t6,x,y):2=0y=0}

Furthermore, under the stability properties alluded to earlier, the
manifold S has a type of saddle point structure associated with it. In fact,
there is an ‘R X R*¥ X R» dimensional manifold of solutions of (2} which
approach S as t — 0o and an B X R*¥ x R™ dimensional manifold of solutions
of (2) which approach 8 as { — —oo. Intuitively, one expects that @, F, and
G small enough for ¢, z, y small will imply the existence of some other integral
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manifold Se of (1) which is close to S for ¢ small and has the same type of
stability properties as the integral manifold S of (2). .

Therefore, in this chapter, we determine conditions on ®, F, G which
ensure that (1) has an integral manifold of the form x = f (¢, 0, €), y = g(¢, 0, ),
(¢, 0) in R x R¥, which for ¢ =0 reduce to =0, y=0. For this specific
case, such a surface will be an integral manifold for (1) if the triple of functions

[o(t) = 0(t9 00’ tO)’ x(t) =f(t’ o(t)’ 8), ?/(t) = g(t9 0(t), 8)]9

is a solution of (1) for every ¢ in R, 0 in R¥.

Section 1 consists of a historical and intuitive discussion of the problems
involved in determining integral manifolds for (1) as well as possible ap-
proaches to the solutions of these problems. The main theorems are stated
in Section 2 with the proof being delegated to Sections 3, 4, 5, 6. In Section 7,
applications of the results of Section 2 are given for equations which are
perturbations of equations possessing an elementary periodic orbit. Also,
in Section 7, the method of averaging of Chapter V is extended to averaging
with respect to t as well as the variables 6 in (1). The exercises in Section 8
illustrate more fully the implications of the results of this chapter.

VIL.1. Methods of Determining Integral Manifolds

This section is devoted to an intuitive discussion.of integral manifolds
as well as some methods that have proved successful in the determination
of-integral manifolds. We choose for our discussion the problem of perturbing
an autonomous system
(1.1) z = X(),
which has a nonconstant wg-periodic solution %(t) such that n — 1 of the
characteristic exponents of the linear variational equation
oX (u(t))

ox
have negative real parts. As we have seen in Chapter VI, this implies the

orbit described by u is asymptotically stable and this in turn implies that the
cylinder

(1.3) S={t z):x=u(0),0 < 0 < wy, —00 <t <00},

1.2) g=

Y

in (¢, x)-space is asymptotically stable. The cylinder § is an integral manifold
of (1.1) in R X Rn.
If we introduce the coordinate system

(1.4) z=u(6) + Z(O)p
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of Chapter VI, then in a neighborhood of § the solutions of the equation are
described by

(1.5) 0=1+0(, p),
p=A(0)p + R(8, p),

where ©(6, p) = O(pl), R(6, p)=O0(|p|?) as |p| >0, all functions are wo-
periodic in 6, and the characteristic exponents of dp/df = A(f)p have negative
real parts. From the Floquet theory, a fundamental system of solutions of
this linear equation is of the form P(6)eBY, P(f +wo)= P(f). If we let
p(t) = P(6)z(t) and use the fact that 6 =1 4 O(|p|), we obtain an equivalent
system

(1.6) 6=1+ 010, 2),
2= Bz +2(0, 2),

where 01(0, z) = O(|2|), Z(0, z) = O(|z|2) as |z| -0 and the eigenvalues of B
have negative real parts.

For the sake of our intuitive exposition, we need the following elementary
result proved in Chapter X, Lemma 1.6. There is a positive definite matrix C
such that any solution of the linear system = Bz with initial value on the
ellipsoid 2'Cz =¢ >0, a constant, must enter the interior of this ellipsoid
for increasing time. In Lemma X.1.6, it is shown that the matrix

C= J:O eB'teBidt satisfies the desired properties. Since Z(0, z) = O(|z|2) as

|2| =0, there is a co >0 sufficiently small such that any solution of (1.6)
with initial value on the set

Us(c) ={(¢, z): x = u(0) + Z(6)P(0)2,0 £ 0 < wo, 2'Cz=0c,
—o0 <t< 0}, 0<c= e,

must enter this set for increasing ¢ (and therefore remain inside this set).
The set Ug(c) projected into the x-space is a tube surrounding the closed
curve € = {x :x = u(6),0 £ 0 < wo}. Intwodimensions, it is an annulus around
%. In this case, the geometry is very simple since Us(c) represents a cylinder
inside S and a cylinder outside S.

Now if the original differential equation (1.1) is perturbed to the form

1.7) @ = X(2) + eX*(¢, )

where X*(¢, z) is bounded in a neighborhood of S, then for a given ¢ > 0 and
¢ sufficiently small, the solutions will still be entering Us(c) as time ipcreases.
Therefore, for a fixed ¢ >0, we would expect some kind of integral surface
inside Ug(c) for ¢ small and it should look similar to a cylinder. However,
even if such a surface exists we would not expect the solutions on this surface
to behave in a manner similar to the behavior of the solutions on the original
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8 since these solutions have no strong stability properties associated with
them. This is precisely why we discuss the preservation of the structure and
stability properties of the set S rather than the preservation of any such
properties for a particular solution on S.

Some methods for asserting the existence of integral manifolds for the
perturbed equation are now given. If the transformation (1.4) is applied to
(1.7), the equivalent equations are

(18) 6 =1+ 0(0,p) +c0*(1,0,0),
p=A(0)p + R(6, p) + eR*(¢, 0, p).

Method 1 (Levinson-Diliberto). If we assume that the perturbation
term is w;-periodic in ¢, then the above discussion of the geometric implica-
tions of stability allows one to obtain an annulus map via the differential
equation (1.7) in the following way. Let Us:(c) be Us(c) N {¢ =7}; that is, the
cross section of Ug(c) at £t = 7. Actually, all of these cross sections are the
same and equal to Uso(c). If z(¢, xo) is the solution of the perturbed equation
(1.7) with initial value xo at ¢ =0 and ¢ is sufficiently small, then for any
7 >0, the function z(r, -) is a mapping of Uso(c) into the interior of Usy(c) =
Uso(c); that is, a mapping of Ug(c) into itself. Because of the strong
stability properties of the curve € and the fact that solutions “rotate”
around this curve, one would suspect that there is a curve %e; such that
Z(T, Ger) = €er and €o; = €. If this is true and if 7 is chosen to be ws,
then the periodicity in the equation implies x(kw1, €ew,) = Few, for every
integer k. By considering the ““cylinder”’ generated by the solutions which
start on %co,, we obtain an invariant manifold of the equation. In this case,
the solutions on the cylinder can be described by the solutions of an equation
on a torus, the torus being obtained by identifying the cross sections of the
cylinder at t =0 and ¢ = w). The basis of this idea was proposed and ex-
ploited in a beautiful paper of Levinson (1950). Using the idea of the proof
of Levinson, Diliberto and his colleagues greatly simplified and improved
the work of Levinson as well as discussing integral manifolds of a much more
complicated type. In fact, if the perturbationterm X* in (1.7) is an arbitrary
quasi-periodic function, then it can be written in the form F(i,¢,...,¢, x)
where F(t,, ..., tp, x) is periodic in #; of period w;,j =1, ..., p. The functions
©* R* in (1.8) have this same periodicity structure in ¢. By artificially
introducing variables {; such that {; = 1, we obtain from (1.8) a system

<§j=l, i=L2,...,p,
0=1+0(8, p) + eP*(6, {, p),
p=A(0)p+ R(0, p) +eQ*(, L, p),

where P*(0, ¢, p), @Q*(8. {, p), {=({a, -- ., {p), are periodic in § and . This
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is a special case of (1) with 6 in (1) a (p + 1)-vector consisting of the scalar
0 above and the p-vector {. Notice that the equations no longer contain ¢
explicitly. Diliberto has introduced an ingenious device to discuss integral
manifolds for such equations by generalizing the idea of the period map.
The interested reader may consult the references for the details of this method
as well 4s the applications.

Method 2 (Partial Differential Equations). Suppose we have a system

(1.9) (a) 6=w(6)+ O, »),
(b) &=A(O)x+ F(6, z),

where 0 in R¥, z in R"® are vectors, and all functions are periodic in 8 of
vector period w. If S ={(0, z): x =f(6), f (6 + w) =f(6), 6 in R*} is to be an
integral manifold of this equation, then xz(t) = f (8(f)), where 0(¢) is a solution
of

(1.10) 0 =w(6) + ©(6, f(9)),

must satisfy (1.9b). Performing the differentiation, we find that f must
satisfy the partial differential equation

0
am Lo 06— a0r=F6.1), 10+ =16,

This method has not been completely developed at this time but a beginning
has been made by Sacker [1]. The case where w, 4 are independent of 8 is not
too difficult with this approach since one can integrate along characteristics
to obtain essentially the same method presented below. If there are values
of 8 for which w(8) =0, then the problem is much more difficult since the
solution will not in general be as smooth as the coefficients in the equation.
The smoothness properties depend in a delicate manner upon w, A. Another
difficulty that arises in this problem is that the usual iteration procedures
involve a loss of derivatives. To circumvent this difficulty, Sacker solves in
each iteration the elliptic equation

BT+ T () + 00,11~ AOF = FO.0).  f6+w)=10)

for p small and Ay the Laplacian operator. The solutions then have as many
derivatives.as desired, but there is a delicate analysis involved in choosing
p—>0 in such a way as to obtain a solution of the original equation. Further
research needs to be done with this method to see if it is possible to obtain
results when the perturbation terms depend upon ¢ in a general way and also
to discuss the stability properties of the manifold.
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Method 3. (Krylov-Bogoliubov-Mitropolski). Circa 1934, Krylov and
Bogoliubov made a significant contribution to this problem in the following
way. They defined a mapping of “cylinders” into ‘““cylinders” via the
differential equation (1.8) such that the fixed points of this map are integral
manifolds of the equation which for ¢ =0 reduce to S. They also discussed
the stability properties of this manifold. These methods do not use any
particular properties of the dependence of the perturbation terms upon ¢.

To illustrate the ideas, consider the equation

6=1=0(0,0,€)

(1.12) .
p=Ap +R(,0,p,€)

where A is an n X n constant matrix, ReA4 <0, 6(¢,0,0,0) =0, R(¢,6,0,0) =0,
9R(2,0,0,0)/0p = 0. We look for integral manifolds of (1.12) of the form
p = f(t,0,€) with |f(t,0,€)| bounded for (¢,0) € R%, £(¢,0,€) lying in a small
neighborhood of p = 0 for € small.

Let S = {f:R X R > R" continnous and bounded) with the topology of
uniform convergence. Suppose (1.12) has an integral manifold f(z,6,€), with
f(,,€)ES.If 0(2,t9,00,f) is the solution of the equation

(1.13) §=1+6(0,(t.6,6)€),  6(to,t0,00.f) =00,

then (8(¢,29,00,f), £(t,0(t,19,00,f),€) must satisfy (1.12) for all (,6¢) € R2.
Therefore, the variation of constants formnla implies

£(£.0(t,10,00.1),6) = €4 ¢~ %) (20,00,€)
+ [ ARG 005, 10,00.1), 7506, 10,00,), 0, 0)ds

and

e AER)1(1,6(1,0,00,1),€) = £ (t0,00,€)
t
+ ,J; eA(to —‘)R(s,e(s,to,oo,f),

f(s,0(s,29,0¢,f),€),€)ds.

Since f(¢,0,€) is bounded and exp(—A(t — ty)) = 0 as ¢t > —oo, we have a
formula for the function f(zg,0¢,€); namely,

. 12
W14 f0,00,6)= | eACsIRE,00s,t0,00.1),1 (5,005 t0,00./)e)ds.

For a given f € S, the right hand side of Eq. (1.14) can be considered as a
transformation #:S — S and the sought for integral manifolds are fixed points
of #. By careful estimation, one can apply the contraction mapping principle
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to obtain fixed points of & in an appropriate bounded subset of S consisting
of functions with a sufficiently small lipschitz constant in 6.

VIL.2. Statement of Results

In this section, we give detailed results on the existence and stability
of integral manifolds of (1). Let Q(o, &) ={(z, ¥, &): |z| <o, |y| <o,
0 < ¢ £ ). The following hypotheses on the functions in (1) will be used:
(H1) All functions A, B, w, ®, F, G are continuous and bounded in R X
RE x Q(o, eo).

(H2) The functions 4, B, w, O, F, G are lipschitzian in § with lipschitz con-
stants r(e1), r(e1), L(e1), n(p, €1), y(p, €1), y(p, €1) respectively, in B X R
X Q(p, £1) where r(e1), L(e1), n(p, €1), y(p, €1) are conmtinuous and non-
decreasing for 0 S p < 0,0 <1 < &o.
(Hs) The functions @, F, G are lipschitizian in z, y with lipschitz constants
wlps €1), 8(p, €1), 8(p, £1), respectively, in R x R¥ X Q(p, &1), where u(p, 1),
8(p, €1) are continuous and nondecreasing for 0 S p < 0,0 <e1 = €.
(H4) The functions |F(, 6, 0, 0, &)|, |G(t, 6, 0, 0, &)| are bounded by N(¢) for
(¢, 0) in R x R*¥, 0 <& < gy where N(e) is continuous and nondecreasing
for0<e<ZL g,
(Hs) There exist a positive constant K and a continuous positive function
a(g), 0 <& < go, such that, for any continuous function 6(t) defined on
(—o0, ), and any real number 7, the principal matrix solution ®(z, 7),
W (t, 7) of & = A(6(t), &)z, y = B(O(t), €)y, respectively, satisfy
(2.1) | (¢, 7)| < Ke~xat-), t=n,

|F(t, 7)| < Kex@t-1), t< 7.
(Hs) Let p(A, D, €), g(A. D, €) be defined by
Kr(e)

[+4

[8(D, &) D + N(e)],

(2.2) (A, D, e)=y(D, &)+ (D, e)A +

q(A’ D, 8) = L(e) + 77(D’ 8) + f"(D, S)A,
and suppose that
(2.3) (@) ale) —q(A, D, €) >0,
(b) 8(D, e)D+ N(e) < «(e)D/K,
(C) KP(A: D’ 6) < [“(e) - Q(A, D: 8)]A’

p(A, D, e)u(D, ¢)
a(e) —gq(A, D, ¢)

()

+8(D: 8) <ﬁ:

(d)
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for 0 <e = ¢p.
We are now in a position to state

THEOREM 2.1. If system (1) satisfies hypotheses (1) — (Hsg), then there
exist functions f(t, 6, £) in R?, g(t, 0, ¢) in R™ which are coutinuous in
R X R x (0, &1], bounded by D, lipschitzian in 6 with lipschitz constant A,
such that the set

e = {(t? 0, x, y) tx =f(t’ 0) 8)) Yy :g(t> 0, 8), (t,o) ln R X Rk}

is an integral manifold of (1). If the functions in (1) are periodic ‘in 6 with
vector period w, then f(t, 0, €), g(t, 0, €) are also periodic in 8 with vector
period w. If the functions in (1) are T-periodic in ¢ then f (¢, 6, &), g(t, 0, €) are
T-periodic in ¢. If the functions in (1) are almost periodic in ¢, then so are f, g.

Before proving this theorem, we state some immediate Corollaries
which we again state as theorems because of their importance in the applica-
tions.

THEOREM 2.2. Suppose system (1) satisfies (Hi)-(Hs) even for ¢ =0
and ofe)=a a constant. If %(0,0)=(0,0)=5(0,0)=N(0)=0 and
a — L(0) >0, then there are & >0 and continuous functions D(e), A(e),
0 < ¢ < &1, approaching zero as ¢ — 0 such that the conclusions of Theorem
2.1 are valid for this D(g), A(e).

Proor. From the hypothesis of Theorem 2.2, o — L(0) > 0. Therefore,
we may take &o such that o — L(g) >0, 0 < ¢ £ g9. Since 7(0, 0) =0, there
are positive €1, Aj, D1 so that (2.3a) is satisfied for 0 <e < &1, AL Ay,
D £ D;. Since §(0,0)=0 and N(0)=0, it follows that one can further
restrict &1 and choose D(e) so that D(e) -0 as e —0 and (2.3b) is satisfied
for 0 < & < &;. Since y(0, 0) =0, §(0, 0) = 0 it follows that ¢; and a function
A(e) =0 as e —0 can be chosen so that (2.3c) is satisfied for 0 < ¢ < ¢;. Since
p(A(e), D(e), €), 8(D(e), €)—0 as ¢ —0 if A(g), D(e) are chosen as above, it
follows that one can further restrict £; > 0 such that (2.3d) is satisfied-for
0 << e < €1. Theorem 2.1 is therefore applicable to complete the proof of
Theorem 2.2.

If w(t, 6, €) is a constant in (1) then L = 0 and the condition ¢« — L >0
is automatically satisfied from (Hs). The hypotheses (H1)-(H4) in Theorem 2.2
merely express smoothness and smallness conditions on the perturbation
functions O, F, G.

COROLLARY 2.1. Suppose ©,F,G satisfy hypotheses (H;) — (Hy4) even for
€ = 0. Suppose w is a constant k-vector, 4 is an n X n constant matrix whose
eigenvalues have negative real parts, B is an m X m constant matrix whose
eigenvalues have positive real parts. Then the conclusions of Theorem 2.2 are
valid for the system
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b=w+ e(t,0,x,y,€)

x=Ax+ F(t,0,x,y,€)
y =By + G(1,0,x,7,€)
Consider the system
(2.4) 0 =w+ €0, 0, z, y, ¢),
i=¢eA(@)x+ eF(t, 0, z, y, €),
y=¢eB(O)y+ G(t, 6, 2, y, €),

where w is a constant.

THEOREM 2.3. Suppose 4, B, w, ©, F, G in system (2.4) satisfy hypo-
theses (H1)-(H4) even for ¢ =0 and (0, 0) = §(0, 0) = N(0) =0. If & =¢a,
aj >0, a constant, in (Hs) and ay —l.i-l;l—e_*o‘r)(o, €) >0, then the conclusions
of Theorem 2.2 are valid for system (2.4).

Proor. It is sufficient to satisfy relations (2.3) with L =0 and o(e)
replaced by «; since the form of equation (2.4) implies that ¢ is a common
factor of all functions in (2.3). The proof proceeds now exactly as in the proof
of Theorem 2.2.

Consider the system

(2.5) ed=w+ 0O, 0,2, v, &),
et = A(O)x+ F(t, 6, x, y, ¢),
ey = B(0)x + G(t, 0, z, y, ¢),

where w is a constant.

THEOREM 2.4. Suppose 4, B,w, 0, F, G in system (2.5) satisfy (H1)-(Ha)
even for ¢ = 0, y(0, 0) = (0, 0) = N(0) = 0. If & = a1/¢, 21 >0, a constant in
(Hs) and oy —l¥11_3401)(0. €) >0, then the conclusions of Theorem 2.2 are
valid for system (2.5).

ProoF. The proof is essentially the same as the proof of Theorem 2.3.

The proof of Theorem 2.1 will be broken down into simple steps in order
to clarify the bagic ideas. Some of these steps are of interest in themselves
and are stated as lemmas. One could use the same method of proofsas given
below to state results on integral manifolds involving systems which are
combinations of systems (1), (2.4) and (2.5). These results are easily obtained
when the need arises and it does not seem worthwhile to state them in detail.
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VIL.3. A “Nonhomogeneous Linear” System

In the proof of Theorem 2.1, we will use successive approximations in a
manner very similar to that used in Chapter IV for the results on the behavior
near an equilibrium point. Let 8*» ={f: (—o0, ) X R¥—R" which are
continuous and bounded}. Forany f in 87, define ||f || =sup{|f (¢, 0)|, (¢, )
in R X Rk}. The idea for successive approximations in (1) for an integral
manifold is to let  =f(t, 8), f in S*, y =g(¢, 0), g in S™, in the first equation
in (1) to obtain an equation in 6 alone say 6 = h(t, 6, f, g). This equation can
be solved for 0(t, 7, {,f, g) where O(r)={ for any 7, { in R X R*. This
function of 6 is then substituted in the second and third earations in (1)
to obtain equations of the form

&= A0@)x + £t 02)),
g = B(0(t)y + §(t, 6(t)),

where f, § depend upon f, g, but, more importantly, the initial data for
0(t); namely =, {. The problem is then to determine a bounded solution of
this system as a function of (7, {).

Thus, we are led to a type of ‘“nonhomogeneous linear” system. We
refer to the equations in this manner because at each stage in the iteration
process the equations are linear in z, y; that is, linear in the coordinates
through which the integral manifold is defined. For simplicity in the notation,
we will assume that the y-equation in (1) is absent. The general case follows
along the same lines. For any P in S¥, Q in S, we first consider the ‘“non-
homogeneous linear ’ system

3.1) (@) 0="P(0),
(b) 2= A(0)x+Q(, 0).
For any (r, {) in R X Rk, let 0*(t) = 6*(¢, 7, {, P) be the solution of

(3.1a) with *(7) = {. Since P(t, 0) is bounded, such a solution always exists
on (— oo, 00).”"We wish to find a function X(-, -, P, @) in S* such that

(0*(t)s X(t, 0*(t)1 P’ Q))s tln (_ 0, W),

is a solution (3.1) for ¢ in (— o0, c0) and all (7, {) in R x RF. If we can accom-
plish this, then the set & ={(t, 0, 2):x=X(t, 0, P,Q), (t,0) in R x R¥}
is an integral manifold of (3.1). To derive the equation for such a function X,
let ®(t, 7, {, P) be the principal matrix solution of the linear system

(3.2) &= A(6*t, , [, P))x
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The variation of constants formula applied to (3.1b) yields
X(t, 0*(t, 7, L, P), PQ) o, 7, {, P)X(r,{, P, Q)

[ 08 L P, 086, L P s, te(—oo, )

If A is independent of 6, then this relation is much simpler since ®(¢, =, {, P)
= exp[A(t — 7)]. Multiplying the above relation by ®-1(¢, 7, {, P) and using
the properties of a principal matrix solution, one sees that the variation of
constants formula can be written as

X(T, C’ P’ Q) = q)(T, t, C’ P)X(tx 0*(t1 T, C’ P)’ P’ Q)
— “®(r, 5, L, P)Q(s, 0%(s, 7, L, P)) ds,  te(—co, o).

Since X is assumed to belong to 87 and, in particular, is bounded, we can
let ¢ approach —oo in this relation and use hypothesis (Hs) to obtain

0
(33) X 0,P, Q= f @(t, u +t, 6, PYQ(u+t, 0%(u +1, ¢, 0, P)) du,
where we have replaced 7, { in the end result by ¢, 6.

In the manner in which relation (3.3) was obtained, it follows that (3.3)
defines an integral manifold of (3.1) and, furthermore, it is the only such
integral manifold which remains in a region for which the z-coordinate is
bounded. These facts are summarized in

LemMma 3.1. If (Hs) is satisfied, then for any P in 8%, @ in 8%, equation
(3.1) has an integral manifold defined parametrically by X(t, 6, P, @) in
(3.3) and it is the only integral manifold of (3.1) for which the x coordinate
is bounded.

Our initial goal is to derive some properties of the function X(¢, 6, P, Q)
defined by (3.3). In particular, we wish to discuss bounds and smoothness
properties of X as a function of the bounds and smoothness properties of
P, Q. The basic result for the “nonhomogeneous linear ”’ system (3.1) is the
following:

Lemma 3.2. Suppose A(6), P(¢, 6), Q(t, ) are lipschitzian in 6 with
lipschitz constants r, L(P), M(Q), respectively, and hypotheses (Hs) is
satisfied with &« > L(P). If X(-, -, P, Q) is defined by (3.3), then X(-, -, P, Q)
belongs to 87, defines an integral manifold of (3.1) and satisfies

(3.4)

@ X006 P,Q)— X0 P.Q|S — [M®+ m@oﬂ

— L(P)
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K
(b) “X(" ) P’Q)_X(°’ - P, Q)”é; ”Q_QlL X(" ) P,O)=

K

(c) ||X(-,-,P,Q>—X(""P’Q’“§m

x| @+ IIQII]IIP Py,

foralltin R, 0, § in R*, P, P in Sk, Q, Q in S». If P(t, ), Q(t, 6) are periodic
in  with vector period w, then X(t, 8, P, Q) is periodic in 6 with vector
period w. If P(¢, 0), Q(t, ) are T-periodic (or almost periodic) in ¢, then
X(t, 0, P,Q) is T-periodic (or almost periodic) in ¢. If P(¢, 0), Q(t, ) are
independent of ¢, then X(¢, 6, P, Q) is independent of ¢.

Proor. Relation (3.4b) is almost immediate since X(-, -, -, Q) is
linear in @ and hypothesis (H5) implies that

X, -, - @ < X
[ 4

The relations (3.4a), (3.4c) are more difficult to obtain since 6*(-, -, 8, P)
depends in a nonlinear fashion on § and P. This nonlinear dependence is also
reflected in the function @(-, -, 8, P) if A depends on 6. Our first objective
is to obtain estimates of this dependence on 8, P.
Since P(t, 0) is lipschitzian in § with lipschitz constant L(P), a simple
application of differential inequalities to (3.1a) yields the estimates
(35) (a’) IO*(t’ T C’ P) - 0*(t’ T Z’ P)l é eL(P)“—ﬂl{ - Z|’
eL(P)It-1l _ ]
—_ _|P—P|,
e PP

for all ¢, 7 in R and P, P in S*. In fact, both of these relations are easily
obtained from the relation

DWMSLWWM+WP—PH

(b) |6%(t, 7, L, P)— 6%t 7, L, P)| £

where D+ is the right hand derivative, y(u) = |0*(u, 7, {, P) — 0*(u, 7, {, P)|
to obtain (3.5b) and y(u) = |0*(u, 7, {, P) 6*(u, 7, I, P)|, P = P to obtain
(3.5a)

We now obtain estimates for the dependence of ®(t, 7, 8, P) on 6, P.
If we use the fact that this is a principal matrix solution of (3.2) and the
difference ®(u, T, 0,_ P) —®(u, 7, 8, P) is a solution of the matrix equation

fdﬁ:A(e *(u, 7, 0, P))z + [A(6*(x, T, 0, P))

du
— A(0*(u, 7, 6, P))1®(u,, 7, 6, P),
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then the variation of constants formula yields
0

@(t, utt, 60, P)— O u+tt, 8, P =f @, v+t 6, P)
u

X[A(0*(w +t,u+t, 0, P)) —A6*v+t,u+t, 8, P)]
X Ow+t,u4t, 0, P)dv

for all u € R. Therefore, from (H3) and the lipschitzian hypothesis on 4, we
obtain

(3.6) |D(t, w+t, 6, P) — D¢, u+¢, 0, P)|
0
< Kzrecwf |6*(w+t,u+t, 6, P)—0*w+t,utt, 8, P)du
u
for v £ 0.

If we let P = P and use (3.5a) and (3.6), then

K2r
L(P)

for all u < 0. If we let 6 = § and use (3.5b) and (3.6), then

(3.7) |®¢ u+t 6, P)—®Fu+t 0, P)| =

exu[e-LPu —1]|0 — 4|

K2r

LA(P)

(38) |®(¢t, u+t 0, P)—Dt u+t0, P)|<

eau[e—L(P)u —1

+ L(Py]|IP — P|

for all u £ 0.
From (3.3) and (H;5) we have

lX(t, 0’ P’ Q) _'X(t’ 6, P, Q)l

0
< f KeauM(Q)|0*(u+t,t, 0, P) — 6%u+t, ¢, 8, P| du

0
+ f |, u+t, 0, P) — O, u+t, §, P)| Q]| du.

Using (3.5a) and (3.7), we obtain relation (3.4a). Similar estimates using
(3.5b) and (3.8) give (3.4c). This completes the proof of the first part of the
lemma. ‘

Now suppose that P,Q in (3.1) have vector period w in 6. The
uniqueness theorem implies 6* " ,{+ w, P)=0*t, 1, {, P)+ w and,
thus ®(, 7, 0 + w, P)=®(t, 7, 6, ). From formula (3.3), one obtains
X(t, 04+ w, P,Q)=X(,0, P,Q). If P,Q in (3.1) are T-periodic in ¢, then
uniqueness of solutions yields 6*(t+ 7+ T, 7+ T, {, P)=0*t+ , 7, {, P).
This fact in turn implies ®(+ 7,7, 6, P) is T-periodic in 7. Since
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O(r,t+ 7,6, PYO(t+ 7, 7,0, P)=1, the function ®(r,t+ 7,0, P) is T-
periodic in 7. Using (1.3), one has X(¢, 6, P, Q) is T-periodic in ¢. If P(¢, 6),
Q(t, 0) are independent of ¢, then the same argument yields X(¢, 6, P, Q) is
periodic in ¢ with an arbitrary period and, therefore, must be independent of ¢.

The case whtere P, @ are almost periodic in ¢ is handled as follows. If §
is any real number, we define Ps in S¥, Q4 in S™ by P(t, 0) = P(t + 6, 0),
Qs(t, 0) =Q(t+ 8, 0). Using the same process as in the estimation of the
lipschitz function of 6*(t, =, {, P)in P, one easily obtains

L(P)u] _

0%+ £+ 8,6+ 8, 6, P) —0%(u+ 1,1, 6, P)| < e—L(—P)l IPs— P|

for all u, ¢, 6. Now using the same type of argument that was used to obtain
(3.8), one obtains

|®(t+8, utt+8, 6, P)— Ot u+t, 6, P)

K2r
<
= L2(P)

eoufe-LP% —1 + L(P)u] [Py — P|

for all 4 £ 0. Using these two relations in (3.3), we arrive at the following
inequality

| X(t+8, 6, P,Q)—X(t, 0, P, Q)|

K K
<= 100 —Qll+- (M@ +=" 1QI1 IPs — P

(« — L(P))
for all ¢,6,0. This inequality and the same type of argument as used in the proof
of Theorems 1.1 and 2.1 of Chapter IV complete the proof of Lemma 3.2.

The constant « in the statement of Lemma 3.2 is a measure of the rate
of approach of the solutions of (3.1) to the integral manifold and the constant
L(P) is a measure in some sense of the maximum rate at which solutions on
the manifold can converge or diverge from one another. A natural question
to ask is whether the condition « — L(P) is necessary to obtain lipschitz
smoothness of the parametric representation of the manifold.

To understand some of the difficulties that might be encountered if
o« — L(P) <0, let us discuss the following example in the two-dimensional
(u, v)-space. If u = r cos 0, v = r sin 6, the system is

6 =ksin  — cos 6

—1)2
rsinB(r >

F=r(l—r).

The circle r = 1 is an integral manifold of this system. If » =1 + p, then the
linear variational equation for the manifold r = 1 is p = —p and the constant
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o in hypothesis Hs) is +1. On the other hand, on the manifold r =1, the
Liptschitz\constant L(P) can be taken to be k. Also, on r =1, there are
the stable node (—1, 0) and the saddle point (1, 0). The trajectories of this
system near r =1 for k<1 and >1 are shown in Fig. 3.1. For k <1 all

Figure VI11.3.1

orbits enter the node (—1, 0) tangent to the circle r =1 and for £ >1 all
orbits enter the node (—1, 0) perpendicular to the circle r =1. A small per-
turbation in the equation for ¥ > 1 could possibly lead to an invariant curve
which has a cusp at (—1, 0).

The following example shows that a cusp can arise. Consider the system

0 ="Fksin 6,
&= —x+f(6),
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where f has a continuous first derivative and f(0 4+ 27) = f(6). The first
equation has the solution

0%, v, ) = 2 arc tan(ek(t‘f) tan g),
and therefore the integral manifold is given from (3.3) by

0 0
X(t, 0,k)=X(0, k)= f e“f[2 arc tan(e"“ tan 5)] du.
For any closed interval in the interior of (—, 7),

oX(0, k)  (°
20 _f_w

d 0 011
e(-ku zl—');[sin2 3 + e—2ku cos? 5] du

exists and is continuous for any k. If k > 1, this integral becomes unbounded
as 0 > or — if df/d0 is different from zero in a neighborhood of these
points and X(6, k) is not lipschitzian.

VI1.4. The Mapping Principle

To apply Lemma 3.2 to prove Theorem 2.1, we define a mapping whose
fixed points coincide with the integral manifold of (1) and prove this mapping
is a contraction. It is convenient to formulate this mapping in more general
terms and specialize it to system (1) later. For given constants A, D, let

41)  8™A, D)={fin8": |f||< D,|f(t 0)—f(t ) < A0 —0
for all (¢, 0, f) in R x R* x Rk}

Let P: R x Rk x SA, D)— Rk, @: R X R¥ x S"(A, D) — R” and for any
fin S»(A, D) suppose that P(-, -, f)is in 8% and Q(-, -, f) is in §7. For any
fin 8*(A, D), we know from the discussion of system (3.1) that the system
(4.2) 6= P(t,0,f),

i=A0)z+ Q¢ 0, f),

has an integral manifold defined parametrically by (3.3). We rewrite (3.3)
again to emphasize the dependence upon f as

43) X%t 0,f)= j ° Oy(t, u+t, 0, HQ(u+t, O1(u + ¢, ¢t, 6, f)) du,
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where we are using the simplified but hopefully not confusing notation

01(t, T, Z,f) = 0*(ty T, gy P(" .’f))’
d)l(t’ T, C,.f) =d)(t, T, C, P(" "f))’
X*(t, 0,f)=X(t, 0, P(-, -, ), Q(, -, )

If there exists an f in 87(A, D) such that f(¢; §) = X*(¢, 0, f), then f will
_define an integral manifold of (4.2). It is clear that such a procedure will be
applicable to system (1) without the y equation simply by defining
(4.4) P(t, 0,f)=w(t, 6, &) + O, 0, f (¢, 9), ¢),

Qt, 0,f)=F(t, 0,1t 0), ¢).

We now derive some conditions on P, @ which will ensure that the map
X*(-, -,f), finS™(A, D) is a contraction.

Assume the following: there are constants (D), M(A, D), L(A, D) and
a(D), b(D) such that
(4.5) 19, -, /)l = B(D),

1R(-, . f) =@, -, NIl < a(D)If —F1,
”P(., "f) _P(" "f)” é b(D)”f—-f”’
|Q(t, 6, f) —@(t, 6, )| < M(A, D) 6 8],
|P(t, 6, f) — P(t, 8, f)] < L(A, D)|6 — 8],
for all (¢, 0, §) in R X R* X R¥and f, fin S*(A, D).

If we now use (3.4) with M(Q), L(P) replaced by M(A, D), L(A, D),

respectively, ’

K
(IX*:, . /) £= AD),

M8, D)
| X*(¢, 0, ) — X*¢, 0,f)| £ %— LA D) |6 —a,
- o K[M, DYD)
O R O I v = I

Kr
My(A, D)= M(A, D)+ - B(D).
for all (¢,0,6) in Rx R¥x R*¥ and f,f in S»(A, D) provided that
o — L(A, D) > 0. From these relations we can state the following

LeEMMaA 4.1. Suppose @, P satisfy (4.5) and for any f in S*(A, D), the
unique integral manifold X*(-, -, f) of (4.2) is defined by (4.3). The mapping
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T:8"A, D)—>8%(A, D) defined by Tf= X*(-, -, f) is a contraction pro-
vided that A, D satisfy the relations
4.7) () «—L(A, D)>0,

(b) KB(D) <aD,

(¢) KM,(A, D) <[a— L(A, D)IA,
K[M;(A, D)b(D)

[ a— L(A, D)
If conditions (4.7) are satisfied, then X*(-, -, f) has a unique fixed point

in S#(A, D).

(d)

+a(D)] <.

o

VIL.5. Proof of Theorem 2.1

We are now in a position to prove Theorem 2.1 for the case when y is
absent. The only thing to do is to find the constants in (4.5) with P, Q
defined by (4.4) and substitute these in (4.7). From hypotheses (Hz)-(Hj),
one obtains, for 0 <ée < g,

(5.1) (8) B(D)=238(D, &)D + N(e),
(b) a(D)=28(D, ¢),
(¢) b(D)=p(D,e),
(d) M(A’ D) = Y(Di 8) + S(Ds G)A’
(e) L(A, D)= L(e) + n(D, €) + (D, €)A.

If (5.1) is used in (4.7), one obtains relation (2.3) in hypotheses (Hsg).

This completes the proof of Theorem 2.1 when the vector y is absent.
The case with y present follows along the same lines if use is made of the
fact that the equation

6= P(t, 0),
&= A6+ Q(t, 6),
y = B(0)y + R(t, 0),

has a unique integral manifold given by X(¢, 8, P, @), Y(¢, 6, P, R) with X
given by (3.3) and

Y(t 0, P, R)= J‘ m‘F(t‘, w4t 0, PYR(u+tt, 0*(u 4 t,t, 0, P)) du
0

where W(t, 7, {, P) is the principal matrix solution of the linear system

y = B(O*(t» T, C» P))y
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VIL6. Stability of the Perturbed Manifold

For the unperturbed part of system (1), namely,

(6.1) 6=uw(t, 0, ¢),
&= A(0, &)z,
?] = B(o’ 8)?/,

there is a unique integral manifold with the x and y coordinates bounded and
this is given by z =0, y = 0. This manifold has a saddle point structure in
the sense that any solution of (6.1) is such that x —0 exponentially as { — oo
and y—0 exponentially as {— —oo. One can prove that the saddle point
structure is also preserved for the perturbed manifold whose existence is
assured by Theorem 2.1.

We do not prove this fact in detail, but only indicate the proof for the
special case
6=1+0(,0,0,€)
p=Ap +R(t,0,p,€)
where ©(z,0,p,€), R(2,0,p,€) are continuous, bounded and continuously dif-
ferentiable in 6,0 in R X R X Q(p,€p), periodic in 8 of period w,®(z,0,0,0) =0,
R(t,6,0,0) = 0, dR(¢,0,0,0)/3p = 0, and the eigenvalues of A have negative
real parts.

Corollary 2.1 implies there exists an integral manifold Se = {(,0,x):
x = f(t,0,¢), (t,0) € R?}, 0 < lel < €g, f(2,0,¢€) is periodic in 6 of period w
and f (Zt,B,O) = 0. Our first objective is to show there is a neighborhood
V CR* X R" of {(2,6,p):p = 0} such that if (¢9,0¢,p0) € V, then the solution
©(2),p(2)) of (6.2) through (29,0¢,p0) satisfies

[p(d) — f(£,0(®),e)| >0 as t > oo,

This shows that solutions go back to the integral manifold as ¢ - °0. We will also
show that this approach is at an exponential rate.

To do this, we consider all solutions of the equations (6.2). The variation
of constants formula gives

6.2)

t
p(f) = eAlt—to)po + f eAE=)R(5,0(5), p(s),€)ds
6.3) : o

6 =1+6(t0(D.p(0,€),  6(t0) = bp.

We first show there is a function ¥(z,0,¢0,p¢,€), w-periodic in 6, such that the
solution of (6.3) can be represented as
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6.4) p(2) = W(t,t9,0(2),p0,€).

As in the proof of the existence of the integral manifold S, we transform
this to a problem of finding a fixed point of a certain mapping. Let

S = {W:{(t,20):t> 1o} X R X R® > R™ continuous, bounded,
together with first derivatives in 6,p}.
For ¥ in §! , let
|| =sup{|¥(z,19,0,0)| + |10¥(2,20,0,0)/36 |
+ |9W(2,20,0,0)/001:t> tg, (0,0) ER X R"}.
The smoothness assumptions here are only to make the notation simpler.
For ¥ in §! and £ <7, let
(T9)(7,1,0,0) = e4=1)p + f:eﬂ T=)R(s,0%(s), (s, 1,0%(5).0),€)

0%(s) = 1 + O(s,0(5), ¥(s,,0%(s), p), €), () =90.

One can now proceed as before to show that T is a contraction on an
appropriate subset of $! to obtain a fixed point of T (or one can use the
implicit function theorem). If ¥ = T, we have shown that (6.4) is satisfied.
There is a continuous function M(o,€qg), 0 > 0, lel| < €, M(0,0) = 0, constants
k>0, o> 0 such that, for [pgl < g, lel < eg,

[0W(t,t0,0,p0,€)/060 | < M(0,€0)
|0W(t, 20,0,p0,€)/0p | < Ke~®l=%)2 >4
ledt| <Ke ™ t>0.

For pg sufficiently small, we know that the solution of (6.2) through
(t0.,00,p0) satisfies (6.4) for ¢ > . Thus, our integral manifold S must also
have this property; that is, for any ¢ > ¢y, § € R, there is a 8y = 0¢(2,6) such
that the solution (8'(s),p'(s)) of (6.2) through (t0,00,f(t0,00,€)) satisfies
0'(f) = 6, p'(t) = £(1,0,€). To obtain this assertion, we have simply integrated
backwards from’ t to to starting from the point (2,0,f(z,0,€)). Thus, if
pi) =f(t0,0;),€), then

f(t,0,€) = ¥(t,t9,0,p’,€)
for all £,0 and
|£(1,0,€) — ¥(t,t0,6,p0,€) | < Ke~*E=%)2| gy — g .

If (6(2),p(?)) is any solution of (6.2) with 8(¢g) = 09, p(to) = po, po sufficiently
small, we have
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| £(2,6(2),€) — ¥(2,20,0(2),p0,€)|
_<_Ke_a(t—t° 2 lf(fo,ei)(f,e(f), e) - pOI
<2Ke~ )2 >4
This proves the asserted stability of the integral manifold S,.

VIL7. Applications

In this section, we give some applications of the theory of this chapter.
There is such a large variety of applications that it is impossible to do them
justice without devoting a treatise to the subject. However, it is hoped that
the few mentioned below together with the ones delegated to the exercises
in Section 8 may indicate the possible scope of the theory and stimulate
further reading in the literature.

Suppose the equation

(7.1) & = f(x)

where f has continuous first derivatives in R”, has a nonconstant w-periodic
solution u whose linear variational equation

of (u(t))

(1.2) ="

Y

has n — 1 characteristic multipliers not on the unit circle. Suppose also that
g(t, ) is continuous for (¢, ) in R X R”, has continuous first derivatives
with respect to « and is bounded for ¢ in R and z in any compact set.

THEOREM 7.1 Under the above hypotheses, there are a neighborhood
U of the periodic orbit € ={z : * = u(0), 0 < 0 < w} and an &; > 0 such that
the system

(7.3) & = f(x) + &9(¢, @)

has an integral manifold Se in B X U, 0 £ |¢] £ &1, So= R X € (a cylinder),
8¢ is asymptotically stable if » —1 multipliers of (7.2) are inside the unit
circle and unstable if one is outside the unit circle. The set S¢ has a parametric
representation given by

Se={(t, z): x=u(0) + (¢, 0, &), (¢, 8) in R X R},
where o(t, 0,0) =0, v(t, 0, ¢)=v(, 0 + w, &) and is almost periodic (7'-
periodic) in ¢ if g(¢, 0) is almost periodic (7-periodic) in .

Proor. This is a simple consequence of the previous results. In fact,
using the coordinate transformation in Chapter VI, one obtains a special
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case of system (1). The above hypotheses permit a direct application of
Theorem 2.2 to obtain existence of the manifold for the interval 0 <& < &;.
Replacing ¢ by —e one obtains the result on —e&; £ —e < 0. Defining the
manifold of (1) to be zero at ¢ = 0 completes the proof of existence. Stability
is a consequence of the remarks in Section 6.

In case g in (7.3) is periodic in ¢ of period T', then the integral manifold
8¢ given in Theorem 7.1 has a parametric representation which is periodic
in ¢ of period T. The cross section of S¢ at t =0 and ¢t = T are therefore the
same and the fact that it is an integral manifold implies this cross section
is mapped into itself through the solutions of the differential equation.
Since the differential equation is 7T-periodic, following a solution z(t, o),
2(0, xg) = xo, from ¢t =0 to t = 27 is the same as following the solution from
t=0 to t="T and then following the solution z(¢, (7T, z)) from t=0 to
t = T. The solutions of (7.3) on S¢ in this case can therefore be considered
as a differential equation without critical points on the torus obtained by
taking the section of the surface S¢ from ¢ =0 to { = 7' and identifying the
ends of this section. The theory of Chapter II then gives the possible behavior
of the solutions on S; . '

THEOREM 7.2. Suppose f(x) satisfies the conditions of Theorem 7.1 and
let g(t, ) be continuous and uniformly bounded together with its first
partial derivatives with respect to z in a neighborhood of 4. If g(, x) is almost
periodic in ¢ uniformly with respect to x and

1 .7
Mg(-,2)]=1lim — | g(¢ z)dt=0,
T o T 0

then there are a neighborhood U of € and an wo > 0 such that the syscem
(7.4) & =f (@) + glot, @)

has an integral manifold S in R X U, w 2 wo, So— R X ¥ as w—> 00, Sy
is asymptotically stable if » — 1 multipliers of (7.2) are inside the unit circle
and unstable if one is outside the unit circle. The set S, has a parametric
representation given by

So={(t, z): x = u(0) + v(wt, 0, w™1), (t, 6) in R X R},
where v(t, 6, 0) = 0, v(¢, 8, ) = v(t, 0 + w, &) and is almost periodic in ¢.

Proor. From Lemma 5 of the Appendix, for any n >0, there are a
function w(t, z, ) with as many derivatives in  as desired and a function
a(n) -0 as 7 —0 such that

|ow(t, , n)/ot — g(t, x)| < oln)
for all te R and z in a neighborhood of ¥. Also nw, néw/0x—0 as n—0.

Therefore, as in the proof of Lemma V.3.2, there is an wo >0 such that
the transformation
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1 1
x=y+t—ow(wt,y,z)

is a homeomorphism in a neighborhood of €. If this transformation is applied
to (7.4) one obtains a system

9=F(y) + Glwt, y, w™),

where G(r, ¥, w™1) is continuous in 7, ¥, w together with its first derivative
with respect to y, is uniformly bounded for = in R, y in a neighborhood of ¥
and w = wo, and Q(7, y, 0) = 0. If one uses the coordinate transformation
in Chapter VI and lets wt = 7, w=! = ¢, then the new system is a special case
of system (1) for which Theorem 2.3 applies directly. This will complete the
proof of existence of an integral manifold. The stability follows from Section 6.

Another application of the previous results concerns a generalization
of the method of averaging. Consider the system

(7.5) g=e+ ¥ p),
p= ER(‘/” P)’
where s is in R¥, pisin R?,e= (1, ..., 1), and ¥(, p), R(}}, p) are multiply

periodic in ¢ of period w and have continuous first derivatives with respect
to p. Let

1 .7
(7.6) Yo(ih, p) = lim — f W+ et, p) dt,
0

T-> o T

. ) 1 .T

Ro(y, p) =lim = | R()+et, p) db.
T>o 0

From the Appendix, for any n >0, there are functions u(y, p, 1),
v(y, p, n) with as many derivatives in ¢, p as desired and a function
a(n) >0 as »—0 such that

2
ﬁ e =Y, p) + Yo, p) ‘ <of(n),

17
|, 53’ e — R(if, p) + Ro(¥, p) l <o(n),

and the functions nu, nv, nou/dy, ndv/dp, nouldp, nov/op -0 as n—0
uniformly for ¢ in R¥, p in a bounded set. Therefore, as in the proof of
Theorem V.3.2, there is an g9 > 0 such that the transformation

(7.7) =+ eu(e, r.¢),
p=¢+ev(gr e),
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is a homeomorphism for |&| < &9, ¥, ¢ in R¥ and p, r is a bounded set.
If the transformation (7.7) is applied to (7.5), then a few simple computa-
tions yield

(78) ¢ =e+ 81F0(¢’ T) + S\Fl(¢? T 8)y
= eRo(, r) + eR1(¢, 1, ¢),

where ¥, R; have the same smoothness properties as ¥, R, but now satisfy
¥1(¢, r, 0) =0, Ri(¢, r,0)=0. In other words, by a transformation (7.7)
which is essentially the identity transformation near ¢=0, the system
(7.5) is transformed into an equation which is a higher order perturbation
of the averaged equations

(7.9) 6 =e+ e¥o(0, p),
}5 = GRO(G? P)'
One is now in a position to state results concerning the existence of

integral manifolds by asserting the averaged equations have certain proper-

ties. For example, suppose there is a pg such that Ro(6, po) =0 and further-
more,

(7.10)  Ro(6, po +2) =C(6)z + H(0, 2),

_[4®) o _[F(,2) [
c@=[%" mol "e=[g60] = M
Wo(6, po+2) = 0(6, 2),

where all matrices are partitioned so that any matrix operations will be
compatible. As an immediate consequence of Theorem 2.3 and the form of
transformed equations (7.8), one can state

THEOREM 7.3. Suppose 4, B in (7.10) satisfy hypothesis (Hs) in Section 1
with «=ea;, a1 >0, a constant. If the lipschitz constant L of ©(f, 0)
satisfies o3 — L >0, then there .are & >0, continuous functions D(e),
A(g), 0 <& < €1, approaching zerofs ¢ —0 and a function f(i, &) in R?
which is continuous in R¥ X [0, &;],

|f (&, &) — po| < DC(e),

If(‘/‘: €) —f('l;’ 8)! <A(8)I¢‘ _‘ﬁlv
such that f (i, €) is multiply periodic in ¢ of vector period w and the set

Se={(h, p): p=po+f (¢, €),  in R¥}

is an integral manifold of (7—5*). If the y component of z is present in (7.10),
then the manifold is unstable and if it is absent, the manifold is stable.
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A simple corollary of Theorem (7.3) which is useful for the applications is

CoroLLARY 7.1. Slippose the averaged equations (7.9) are independent
of ¢; that is, the averaged equations are

(7.11) 0 =ce+ e¥olp),
p = eRo(p).

Also, suppose there is a pg such that Rg(pg) =0 and the real parts of the
eigenvalues of the matrix C = @Ro(po)/0p are nonzero. Then the conclusions
of Theorem 7.3 remain valid with the manifold being stable if all eigenvalues
of C have negative real parts and unstable if one eigenvalue has a positive
real part.

VII.8. Exercises

Some of the exercises listed below are rather difficult and a complete
discussion of some could lead to interesting new results in the theory of
oscillations.

Exercise 8.1. Use Section V1.3 toshow that the hypotheses of Theorem
7.1 imposed on (7.1) are satisfied for the van der Pol equation

(8.1) &y =22,
By = —x + k(1 —aPx,, k>0.

Use Theorems 7.1 and 7.2 to discuss the existence and stability of integras
manifolds of the system

(8.2) & =2,
&y = —x) + k(1 — 2}z, + £ sin wt,

when either ¢ is small or w is large.

Use the theory of Chapter IV to discuss the existence and stability
properties of a periodic solution of (8.2) of period 27/w for either || small or
w large.

In Chapter II it was shown that every solution of (8.1) except the zero
solution approaches the periodic orbit ¢ as t — co. Can you use the previous
discussion to give the qualitative behavior of all solutions of (8.2) in some
large domain of R?2 for |¢| small ? Hint: Show there is an open set U in R?
such that the tangent vector to the solution curves of (8.1) on the boundary
of U point toward the interior of U. This implies that the tangent vector to
the solutions of (8.1) in (¢, x)-space is pointing toward the interior of the
“cylinder”” R X 0U. Therefore for |¢| small or w large, the same will be
true of the solutions of (8.2). Now use continuity with respect to the vector
field.
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ExERcCISE 8.2. Suppose both of the vector systems & =f(x), y = F(y)
satisfy the condition of Theorem 7.1. What types of integral manifolds does
the system

& =f(x) + &g(t, 2, y),

y=F(y)+ eG(t, z, y)
possess for ¢ small if g, @ are bounded for ¢ in R and #, y in compact sets?
What are the stability properties of each of the manifolds ? Generalize this

result. Hint: Use the coordinate system of Chapter VI for each periodic
orbit.

ExErcisE 8.3. For w large, discuss the existence and nature of in-
tegral manifolds of the system

4 =2,
Zo = —x1 +*k[1 — (21 + Bsin wt)2]z 2,
as a function of B.

ExErcisE 8.4. For w large, discuss the question of the existence and
the dependence of integral manifolds of the system

E+2&+ 2+ Kf(x+ Bsin wt) =0

on th= constants K and B for odd functions f(x) which are monotone non-
decreasing and approach a limit as # — co. This problem is difficult and one
could never solve it in this general context. Take special functions f.

Exercise 8.5. Discuss the existence of integral manifolds of the
equation

%1 = g,

&y = —a; + &(1 —a2)z, + A sin wf,
for ¢ small and various values of 4 and w. Let

21 = psin 0; + A(1 — w?)~1sin wt

Zs = p cos 01 + Aw(l — w?)~1 cos wit

and 02 =t to obtain a system of differential equations for 61, 62, p and then
apply Corollary 7.1. What are the stability properties of the manifolds?
What happens geometrically as 4, w vary ?

ExERCISE 8.6. For ¢ small, discuss the existence and stability proper-
ties of integral manifolds of the system
E—e(l —a2 —ay?)t+ =0,
§ — el —y2 — oa?)j + 0%y =0,
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as a function of a, «, 0. Let = p; cos 01, €= — p1 8in 61, ¥ = p2 cos abz,
§ = —opz sin g to obtain a system of the same form as system (7.8). Now
apply the method of averaging described above and, in particular, Corollary
7.1 for the case when k 4 lo 7 0 for all integers k, I for which |k| +|I| < 3.
What are the periodic solutions? Can you describe geometrically what
happens when the stability properties of the periodic orbits change under
variation of the constants @ and o« ? What happens when & 4 lo = 0 for some
integers k and ! with |k| 4 |/| £3? In the equation, change 1 — a2 — ay?
to 1 — 22 —ay? + bzx2y2? and discuss what happens as a function of a, b, .

ExERcISE 8.7. Carry out the same analysis as in Exercise 8.6 for the
equations

x3
df—e(a’:—-—3—)+ox—l—py=0,

ya
y—s(z]—g) —pe+ vy =0,

for those values of the parameters o, u, v for which the characteristic roots
of the equation for ¢ = 0 are simple and purely imaginary, say +tw;, +iwsz.
Under this hypothesis, this system can be transformed by a linear trans-
formation to a system which for ¢ = 0 is given by 4% + w?u =0, § + w2v=0.
Now apply the same type of argument as in Exercise 8.6.

VIL9. Remarks and Suggestions for Further Study

Detailed references to the method of Krylov-Bogoliubov may be found
in the books of Bogoliubov and Mitropolski [1] or Hale [3]. The original
results on integral manifolds using this method considered only the case in
which the flow on the unperturbed rhanifold was a parallel flow; that is,
w(t, 0, €) in (1) is a constant. However, the method of proof given in the text
is basically the same as the original proof for parallel flow except for the
technical details. Other results along this line were obtained by Diliberto
[3] and Kyner [1]. Kurzweil [1, 2] has given another method for obtaining
the existence of integral manifolds and has the problem formulated in such a
general framework as to have applications to partial differential equations,
difference equations and some types of functional differential equations.
Further results may be found in Pliss [1]. o

It is not assumed in system (1) that the functions are periodic in the vector
6. The results have implications to the theory of center manifolds and stability
theory (Pliss [2], Kelley [1]) and the theory of bifurcation (Chafee [1],
Lykova [1]).
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Hypothesis (H5) in Section 2 is too strong. For example, if w(z,0,€)= 1
one need only assume the exponential estimates are valid for functions 6(¢)
=t + 0¢ (see Montandon [1]). For a more general case, see Coppel and Palmer
{1], Henry [1].

The basic result in the proof of the theorems on integral manifolds was
Lemma 3.2. The proof of this lemma shows that the Lipschitz constant
L(P) was used only to obtain estimates on the dependence of the solution
6*(t, 7, 0, P) of 6 = P(t, 6) upon 6. There are many ways to obtain estimates
of this dependence without using the lipschitz constant of P. For example,
if P(t, §) has continuous partial derivatives with respect to 6, then
00%(t, 7, 6, P)/00 is a solution of the equation

- [ap(t 0*)] ‘

Consequently, one can use the eigenvalues of the symmetric part of 8P/o8
to estimate the rate of growth of {. The hypothesis (Hs) can also be verified
by using the eigenvalues of the symmetric part of the matrices A(6), B(6).
Using the method of partial differential equations mentioned in Section 1,
Sacker [1] has exploited these concepts to great advantage to discuss the
existence and smoothness properties of integral manifolds for equations (1)
wnich are maependent of ¢ and periodic in . Diliberto [3] has also used these
same concepts and the method of the text to find integral manifolds.

The first example in Section 3 after Lemma 3.2 is due to McCarthy [1]
and the second to Kyner [1]. The generalized average defined in relation
(%6) was first introduced by Diliberto [1]. Some of the exercises in Section 8
can be found in Hale [7].



CHAPTER VIII

Periodic Systems with a Small Parameter

In Chapter IV, we discussed the existence of periodic solutions of equa-
-tions containing a small parameter in noncritical cases; that is systems

(1) Z=Ax+¢ f(t, 2),

where f(t + T, z) = f(t, z) and no solution except x =0 of the unperturbed
equation

(2) Z = Az,

is T-periodic. In Chapter V, the method of averaging was applied to some
systems for which (2) has nontrivial 7T-periodic solutions. The basis of this
method is to make a change of variables which transforms the system into
one which can be considered as a perturbation of the averaged equations. If
the averaged equations are noncritical with respect to the class of T'-periodic
functions, then the results of Chapter IV can be applied. If the averaged
equations are critical with respect to 7' -periodib functions, then the process can
be repeated. In addition to being a very cumbersome procedure, it is very
difficult to use averaging and reflect any qualitative information contained in
the differential equation itself into the iterative scheme. For example, if
system (1) has a first integral, what is implied for the iterations?

For periodic systems, other more efficient procedures are available. The
present chapter is devoted to giving a general method for determining periodic
solutions of equations including (1) which may be critical with respect to
T-periodic functions. This method gives necessary and sufficient conditions
for the existence of a T-periodic solution of (1) for ¢ small. These conditions
consist of transcendental equations (the bifurcation or determining equations)
for the determination of a 7'-periodic function which is a solution of (2). The
bifurcation equations are given in such a way as to permit a qualitative dis-
cussion of their dependence upon properties of the right hand side of ¢l). This
is illustrated very well when fin (1) enjoys some even and oddness i)i‘operties
or system (1) possesses a first integral. In general, such systems have families
of T-periodic solutions.

258
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In addition to the advantage mentioned in the previous paragraph, the
method of this chapter can be generalized to arbitrary nonlinear systems. This
topic as well as a more general formulation of the method in Banach spaces
will be treated in the next chapter.

For A = 0, the:basic ideas are very elementary and easy to understand
geometrically. For this reason, this case is treated in detail in Section 1. Also,
in Section 1, it is shown how to reduce the study of periodic solutions of many
equations as well as the determination of characteristic exponents of linear
periodic systems to this simple form. Section 2 is devoted to a discussion of
the general system (1) as well as results on systems possessing either sym-
metry properties or first integrals. In Section 3, we reprove a result of Chapter
VI using the method of this chapter rather than a coordinate system around
a periodic orbit.

VIIL.1. A Special System of Equations

Suppose f: R X C*—C? is a continuous function with &f (¢, z)/ox also
continuous, f(t + T, ) = f(t, x), ¢ is a parameter and consider the system of
equations

(1.1) g=¢ f(t,2).

Our problem is to determine whether or not system (1.1) has any 7-periodic
solutions for & small. For ¢ = 0 all solutions of (1.1) are 7-periodic; namely,
they are constant functions. The basic question is the following: if there are
T-periodic solutions of (1.1) which are continuous in &, which solutions of
the degenerate equation do they approach as &£—>0? One precedure was
indicated for attacking this question in Chapter V. Another method is due
to Poincaré in which a periodic power series expansion is assumed for the
solution as well as the initial data. The initial data is then used to eliminate
the secular terms that naturally arise in the determination of the coefficients
in the power series of the solutions.

In this section, we indicate another method for solving this problem which
seems to have some qualitative advantages over the method of Poincaré. Let
Pr—=1{g: R->Cn, g continuous, g(t + T) = g(t)}, gl = suposes|g(t)]. For
any g in 2, define Pg to be the mean value of g; that is,

. P = t t, y < .

If g is T-periodic, then the system

(1.3) & =g(t)
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has a T-periodic solution if and only if Pg= 0. Furthermore, if Pg =0, let
2 g be the unique 7T'-periodic solution of (1.3) which has mean value zero; that
is,

4)  Ag=(—P)f go)ds, |AgISKlgl, K=2T.

Every T-periodic solution of (1.3) can then be written as
rz=a+Ag

where a is a constant n-vector and a = Px.
These simple remarks imply the following:

Lemma 1.1. Suppose P and S are defined in (1.2), (1.4). Then

(i) z(?) is a T-periodic solution of (1.1) only if Pf(-, z(-)) =0; that is,
only if (-, 2(*)) = (I — P)f (-, =(*)). |

(ii) System (1.1) has a 7'-periodic solution z if and only if x satisfies the
system of equations

(1.5) (8) z=a+exX(I—P)f(-,x];
(b) ePf(-, A0,

where a is a constant n-vector given by a = Pz.

ProoFr. If z is a T-periodic solution of (1.1), let g(t) =f (¢, =(t)) and
assertion (i) follows immediately. The fact that x satisfies (1.5) is just as
obvious. If z is a solution of (1.5), then f(-, z) = (I — P)f(-, ) and, there-
fore, z is a T-periodic solution of (1.1). This proves the lemma.

Lemma 1.2. For any a > 0, there is an g9 > 0 such that for any a in C»
with |a| £ «, |¢| £ o, there is a unique function z* = z*(a, &) which satisfies
(1.5a). Furthermore, 2*(a, ) has a continuous first derivative with respect to
@, £ and z*(a, 0) = a. If there is an a = a(¢) with |a(e)| £ afor0 < |¢| £ goand

(1.6) Gla, &) & Pf(-, 2*(a, ) =0,

then z*(a, €) is a T-periodic solution of (1.1). Conversely, if (1.1) has a
T-periodic solution #(¢) which is continuous in & and has P#(e) =af(e),
|a(e)] £ &, 0 < |e| < €0, then &(g) = 2*(a(e), &) where 2*(a, ¢) is the function
given above and a(e) satisfies (1.6) for 0 <|e| < &0.

Proor. Suppose a > 0 is given, B is any number >0 and a is an n-vector
with |a| £ a. Define £(B) ={y in P@r: |ly|| < B, Py=0} and the operator
F:SB)—~>Pr by

(L.7) Fy=eX(I—P)f(-,y+a)
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for y in #(B). If y is a fixed point of &, then y + a satisfies (1.5a). Let M, N
be bounds on |f(t )|, |&f (¢, x)/ox|, respectively, for ¢t in R, || B+«
and choose £ so that 4e; TM < B, 461 TN < 1/2. One easily shows that
F: ¥ (B)— &(B) and is a uniform contraction with respect to a, ¢ for |a| £ «,
|e] £ e1. Let y*(a, €) be the unique fixed point of & in &(B). The existence and
properties of x*(a, &) = y*(a, ¢) + a stated in the lemma are now a consequence
of the uniform contraction principle. If a(¢) satisfies (1.6), then 2*(a(e), ¢) is a
solution of (1.1) from Lemma 1.1. Conversely, if #(¢) satisfies the properties in
the statement of the lemma, then there is a 8 > a such that |&(¢) —a(e)| < B
for 0 < || < &1. For this 8 choose ¢ < & so that & is a contraction on
F(B) for 0 < |e| < eo. Then &(e) — a(e) = y*(a(e), &) and F(c) = x*(a(e), ).
The conclusion of the lemma follows from Lemma 1.1.

Lemma 1.2 asserts the following: one can specify an arbitrary n-vector
a and then determine uniquely a 7T-periodic function z*(a, &) with mean
value @ in such a way that all of the Fourier coefficients of the function
Z*(t) — f (¢, x*(t)) are zero except for the constant term (this is the same as say-
ing (1.5a) is satisfied). The n-vector a is then used to try to make the constant
term equal to zero (that is, satisfy (1.6)). Equations (1.6) are sometimes
referred to as the determining equations or bifurcation equations of (1.1).

As a consequence of the above proof, the function z*(a, £) can be
obtained as the limit of the sequence {z(®}, x®) = y®) + g where the y®)
are defined successively by y*+1) = Fy®) £ =0,1,2,...,y0 =0, and & is
defined in (1.7). Using only the first approximation, one arrives at

THEOREM 1.1. Suppose z*(a, ¢) is defined as in Lemma 1.2 and let
G(a, €) be defined by (1.6). If there is an n-vector ag such that

0G(ao, 0)] 20,

(1.8) G(ap, 0) =0, det[
da

then there are an £ >0 and a 7T-periodic solution z*(¢), |¢| < &1, of (1.1),
z*(0) = ag, and z*(¢) is continuously differentiable in &.

Proor. The hypothesis (1.8) and the implicit function theorem imply
there is an &1, 0 < &1 < &9, such that equation (1.6) has a continuously differ-
entiable solution a(e), |a(e)| < «, 0 < |¢| < &1. Lemma 1.2 implies the remain-
ing assertions of the theorem.

Notice that

(1.9) G(a, 0) = 51,- f: f(t, a) dt,

and therefore can be calculated without knowing anything about the solu-
tions of (1.1). Compare Theorem 1.1 with Theorem V.3.2. Can you prove
Theorem V.3.2 by the above method?
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In the applications, Theorem 1.1 is not sufficiently general even for
equation (1.1). More specifically, it is sometimes necessary to take the terms
in the Taylor expansion of G(a, ¢) in (1.6) of the first, second, or even higher
order in e. Except for the numerical computations involved, there is con-
ceptually no difficulty in obtaining these terms. To obtain the first order
terms of G(a, ¢) in &, one must compute the first order terms in ¢ in z*(a, ¢),
etc. This is accomplished by the iteration procedure z(¥) = y*) 4 g, y*+1) =
Fy®, k=0,1,2,...,y® =a, where the mapping & is defined in (1.7).

It is easy to generalize the above results to a system of the form

(1.10) 2= Bz + eh(t, 2),

where h(t+ T, z) = h(t, 2z), b and 0h/0z are continuous in R X Cm+n, B =
diag(0y, B1), 0y is the = X n zero matrix, B; is an m X m constant matrix
such that eB:T — I is nonsingular. This latter condition states that the
system g = B,y is noncritical with respect to Pp. If 2= (z, y), h=(f, 9)
where z, f are n-vectors, then the above system is equivalent to

(1.10) Z=c¢f(t, z, ¥),

y= By +eg(t, 7, ).
For any h = (f, g) in 21 define Ph to be the (n 4+ m)-dimensional constant

vector given by
1

"ty d
(1.11) Ph—= Tfo fodt|
0

The nonhomogeneous linear system
(1.12) 2= Bz + k(i)

has a T-periodic solution if and only if Pk = 0. Furthermore, if Ph=0, let
A h be the unique solution z of (1.12) with Pz = 0. For any A in 27, one can
therefore define o' (I — P)h and there is a constant K > 0 such that

(1.13) 4" (I — P)| < K|h]];

that is (I — P) is a continuous linear mapping of Z7 into #7. Every
T-periodic solution of (1.12) can be written as

z=a*+ eXh, a*= [g],

where a is a constant n-vector with a* = Pxz.

- Lemma 1.3. Suppose P is defined by (1.11), H is in Py and #' (I — P)H
is the unique T-periodic solution z of

4=Bz+ (I— P)H
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with Pz = 0. Then z(¢) is a T-periodic solution of (1.10) only if P&(-, 2(-)) = 0;
that is, only if A(-,z2/-))= (I — P)h(-,2(*)). Also, system (1.10) has a
T-periodic solution z if and only if the system of equations
(1.14) (a) z=a*+eX (I — P)h(-,z(")), a* = (a, 0),

(b) &Ph(-, 2(-)) =0,

is satisfied, where a is a constant n-vector given by a* = Pz.

Lemma 1.4. For any « > 0, there is an g9 > 0 such that for any a in R»
with |a| < «, |&] < €0, there is a unique function 2* = z*(a, ¢) which satisfies
(1.14a). Furthermore, z*(a, ¢) has a continuous first derivative with respect to
a, ¢ and z*(a, 0) = a*. If there is an a(e) with |a(¢)| < « for 0 < |¢| < g and

1T
(1.15) G &)= [ 1t 2%@ ey dt=o,
0

then 2*(a, ) is a T-periodic solution of (1.10). Conversely, if (1.10) has a
T-periodic solution Z(¢) which is continuous in & and has PZz(g) = a*(e),
a* = (a,0), |a(e)] £ o, 0 < |e] < €0, then Z(e) = z*(a(e), &) where z*(a, ) is
the function given above and a(e) satisfies (1.15) for 0 < |e| < eo.

THEOREM 1.2. Suppose z*¥(a, ¢) is defined as in Lemma 1.4 and G(a, ¢) is
defined as in (1.15). If there is an n-vector ag such that

9G(aq, 0)

G(ap, 0) =0, det[
7

| #o
then there is an & >0 and a 7T-periodic solution z*(¢), |¢| < &1, of (1.10),
2*(0) = ag, a§ = (ag,0) and 2*(¢) is continuously differentiable in .

Exercise 1.1 Verify all statements made above concerning system
(1.10) and prove in detail Lemmas 1.3, 1.4, and Theorem 1.2.

ExercisE 1.2. Consider the equations
) =2,
&y = —x; + &(1 — ad)z, + ep cos(wt + ),

where p #0, £ >0, w, « are real numbers with w2 =1 + ¢, B # 0. Find con-
ditions on p, w, « which will ensure that this equation has a periodic solution
of period 27r/w for ¢ small. Draw the frequency response curve. Let

1 = 21 sin wt + 22 cos wt,

3 = w(z1 o8 wt — 2 8in wt),

and apply Theorem 1.1.
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Exgrcise 1.3. Discuss the possibility of the existence of a subhar-
monic solution of order 2 (that is, a solution whose period is twice the
period of the vector field) for the equation

(1.16) T =22,
B = —o%r1 + &(3v cos 2t — x%) — £2(Awz + px1) — e3ual,

where 0 = 1. Let

x1 =2z 8int+ 29 cos t,

X9 =121 cost —zg sint,

and apply Theorem 1.1.
Exgrcise 1.4. For 0 =2/3, A= ¢); in (1.16) discuss the existence of a
subharmonic solution of order 3 of (1.16). Let
x1 = 21 sin ot + 23 cos of,
x2 = o(z1 cos at — zg sin ot),

and determine the Taylor expansion of G(a, ¢) in (1.6) up through terms of
order ¢ and apply an appropriate implicit function theorem.

Exercise 1.5. For o=2/n, n a positive integer, show that (1.16)
possessing a subharmonic of order n implies that A must be O(e?2) as ¢ —0.
You cannot possibly find n terms in the Taylor expansion of G(a, &) so you
must discuss the qualitative properties of the expansion.

ExEgrcisg 1.6.  Using the method of Exercise 1.5, show that the Duffing
equation

Z =22,
B2 = —(2n + 1)~ %, — efcxy =} eax, + ebx + B cost,
can have a subharmonic solution of order 2n + 1 only if s > n.

ExEercise 1.7. Suppose f(x, y) is a continuously differentiable scalar
function of the scalars z,y, f(0,0)=0 and either f(x, —y) =f(z, y) or
f(—=z,y)= —f(z, y) for all z, y. Given any « > 0, show there is an g9 > 0 such
that for any (o, yo) With 22 + y3 < a2, there is a periodic solution of the
system

(1.17) =y,
y=—x+¢f (2, 9),

for |e| < eo. This implies the equilibrium point (0,0) is a center. Let
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x=psin 6, y = p cos § to obtain the equation

Z—Z= eF(p, 0, ¢)

for the orbits of (1.17). If f(—=, y) = —f (, y), observe that F(p, —0, &) =
—F(p, 0, €). Show that the transformation & in (1.7) in this special case maps
even 27r-periodic functions of 8 into even functions of 6 and, therefore, the
fixed point must be even. This implies G(a, ¢) =0. If f (x, —y) =f («, ), then
let = ¢ + m/2 and apply the same argument.

ExEercise 1.8. Consider the system

where p >0 is a small parameter. A first integral of this equation is
E(x,, ,) = x3/2 + pai/4 and, thus, all of the orbits are periodic orbits. For
1 =0, the only periodic orbits are the equilibrium points which lie on the
z1-axis. Can you deduce this result by using the above perturbation theory?
Ife= \/’—L, x, =z, and x, = €22, then £, = ez3, 23 = —e22 which is a special
case of system (1.1).

The above theory is also useful for determining the characteristic
exponents of certain types of linear systems with periodic coefficients. More
specifically, consider the system of equations

(1.18) w=Cw + eD(t)w

where ¢ is a parameter, 0 < |¢| £ g9, w is an (n + m)-vector, ®(t) = Ot + T),
T = 27/w, is a continuous! (n +m) X (n 4 m) matrix and C = diag(C}, C2)
is an (= + m) X (n + m) constant matrix such that all eigenvalues of the
n X n matrix eC1T are po and no eigenvalue of e€:7 is pg. The problem is to
determine the characteristic multipliers of (1.18) which are close to po for
e #0.

Suppose A; is an eigenvalue of C; and then pg=e¢e4T. From the con-
tinuity of the principal matrix solution of (1.18) in ¢ and the Floquet theory,
it follows that there is a multiplier p(¢) == e#(®T which is continuous in ¢ and
1£(0) = A;. Furthermore, to this multiplier there must exist a 7'-periodic
(n + m)-vector p(t, €) such that e4(®ip(t, ¢) is a solution of (1.18). Conversely,
any such solution of (1.18) yields a characteristic exponent of (1.18). There-
fore, if one makes the transformation w = e#!p in (1.18), then

(1.19) p=(C —pl)p + £@(t)p,

1 @ could be an integrable function.
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and the problem is to determine p in such a way that (1.19) has a T-periodic

solution.

In order to make the previous theory directly applicable, suppose that
the eigenvalues of C; have simple elementary divisors. Then the matrix
e(Cr—uDt jg T-periodic. If w = (u, v), where u is an n-vector, v is an m-vector,
and B is any complex number, the transformation

(1.20) u = e(hr+eB)te(Cr—MDitg,
V= e(l:+sﬁ)ty’

in (1.18) yields
(1.21) 2= — (.;Bx + e~ (Cr-aDidyy (£)e(Cr-Dig | ge—(Cr-DiD,p y,
¥=[Co — (M + &)1y + eDar(t)e(C:~4 Dtz + eDos(t)y,

where we have partitioned ® as ® = (®y).
Since e(C:-41Dt jg T'-periodic, system (1.21) can be written as

(1.22) = Bz + e¥(t, B)z,

where B = diag(0,,Cs — A1), z=(z,y) and V(¢ + T, B) = ¥(¢, B) for all
t, B. The explicit expression for ¥ is easily obtained from (1.21). If B can be
determined in such a way that system (1.22) has a 7'-periodic solution p(?),
then this solution yields from (1.20) a solution of (1.18) of the form

w(t) = etutedip(t),  p(t+ T)=p(t).

Therefore, A\; + B is a characteristic exponent of (1.18). Conversely, we have
seen above that every such characteristic exponent can be obtained in this
way.
Since system (1.22) is a special case of system (1.10), we may apply the
preceding theory. The function z* given in Lemma 1.4 will now be a function
of a, B and ¢ and the linearity of (1.22) implies that z*(a, B, &) = Z*(B, ¢)a,
where Z*(B, ¢) is a T-periodic (n 4+ m) X » matrix. If Z* =col (X*, Y*)
where X* isn X n then the function G(a, 8, ¢) in (1.15) is also linear in a; that
is, G(a, B, €) = D(B, €)a, where D(B, &) can be computed directly from (1.22)
as

1 T
(123) D(f,e)=7 fo [Fu(t, B)X*(B, e)(t) + Fra(t, B)Y*(B, e)(t)] dt,
where ¥ is partitioned as V' = (¥y;). Lemma 1.4 then implies that any B for

which det D(B, &) =0 will yield a characteristic exponent A; + &8 of (1.18).

ExErcise 1.9. Suppose D(B, ¢) is given in (1.23). Prove that the =
characteristic multipliers of (1.18) which for ¢=0 are equal to po are
the n roots of the equation det D(B, ) =0.
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ExEercise 1.10. Consider the system
(1.24) W= Cw + eD(t)w,
where ®(t+ T)=®(t) is continuous, C = diag(A, ..., As) and for some
fixed j,
eMT £ ehT, k=1,2,...,n, k).

Show that the characteristic multiplier p(¢) of (1.24) such that p(0) = €T is
given by

T
ple) = erT, we) =N+ —;—1- fo di(t) dt + o(e) as ¢ >0,

where ® = (¢sx), 1, k=1,2, ..., n.
ExEercise 1.11.  Suppose that the system

£+x=8f(x, It, Y, y)9
¥+ 0%y = ¢eg(x, 2, 9, 9),

has a periodic solution of period 27/w(¢), w(0) =1, which for ¢ =0 is given
by = a sin ¢, y = 0. Prove that this solution is asymptotically orbitally stable
with asymptotic phase if

27 0
sf i,(asint,a,cost,0,0)dt<0,
0 oz

27
sf % (asint,acost, 0,0)dt <0,
o dy

and ¢ # an integer. The characteristic multipliers. of the linear variational
equation relative to this periodic solution are given by 1, 1, e2nto, ¢~2ais for
& = 0. The hypothesis on ¢ implies that the roots e27i¢ and e—27¢¢ are simple.
Therefore, Exercise 1.10 can be applied to obtain the first order change in
these multipliers with & provided the constant part of the variational equation
is transformed to a diagonal form. Since one multiplier remains identically one
for ¢ # 0 and the product of the multipliers is given by a well known formula,
one can evaluate the first order change in the other multiplier.

ExEeRcisE 1.12. Generalize the result of Exercise 1.11 to a system of
n-second order equations.

ExErcise 1.13. - Show that the system

i+ x=¢e(l —a2 —y2)2,
§+2y=e(l —2>—y?%)y, £>0,
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has two nonconstant periodic solutions both of which are asymptotically
orbitally stable with asymptotic phase.

ExErcise 1.14. Consider the Mathieu equation

(1.25) £ = %2,
% = —a2x; — g(cos 2t)zy,

where o= o(¢) and ¢(0) =m, a nonnegative integer. From the general
theory of this equation in Chapter ITI, we know that these values of o are
precisely the ones which may give rise to instability. In fact, the instability
zones are determined from those values of o for which equation (1.25) has a
periodic solution of period 7 or 27; that is, the multipliers are 41 or —1.
Determine approximately these values of o(¢) as a function of ¢ for the case

when o(0) = 1, o(0) = 2. Are the solutions unbounded in a neighborhood of
the points (1, 0), (2, 0) in the (o, &)-plane? Let

1 = 21 sin mt 4 zg cos mt,-
g = m[2; cos mt — zg sin mt],

and m2 — o2 = ¢ and apply the above theory for determining 8 in such a way
that the resulting equations have a periodic solution.

ExErcisE 1.15. For o(0) =m in Exercise 1.14, show that o2(¢) = m?
+ 0(e™) as ¢ 0.

ExEercisE 1.16. Discuss as in Exercise 1.14 the equation (1.25) with
a(0)=0. Suppose €20, let 02=4¢B, x1=2, 2= \/ €22 and analyze the
resulting equations for periodic solutions.

ExErcIsE 1.17. For what values of w are all of the solutions of the
equation
& 4+ o2z = &(sin wt)y,
i+ 2y = e(cos wt)z,
bounded for & small and #£0?

Let us use the same ideas as above to discuss the existence of periodic
solutions for equations which may contain several independent parameters rather
than just a single parameter € as in (1.1), (1.10). Consider the equation

(1.26) x=f(t,%N

where X in R¥ is a parameter, x is in R, f(z,x,\) is continuous in ¢, x,\ together
with at least first derivatives in x,\, f(¢ + T, x,A) = f(¢, x,)\),

(1.27) £(5,0,00=0,  3f(2,0,0)/dx=0
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Equation (1.26) is a generalization of (1.1) since, for example, for
A= (A1,A2), it could be of the form

%=, %) + 2@, %)

which makes (1.1) correspond to f@)(z,x) = 0. Equation (1.26) could also be
of the form

k .
x = f(o)(x) +;;1 xjf(’)(t, x)

where f (0)(0) =0, of (0)(0)/ax =0.If f (0)(x) # 0, this latter equation cor-
responds to an f(z,x,\) which can be made small together with its first deriva-
tive by choosing A small and x small. In problems of this type, we will be
interested in T-periodic solutions with small norm.

Lemmas 1.1, 1.2 have an analogue for system (1.26), (1.27) which we
state without proof since the proof will be the same.

LEmMMA 1.3. Suppose P, ¥ are defined in (1.2), (1.4). Then x(¢) is a T-periodic
solution of (1.26) if and only if

@ x=a+FUT—P)f(C,x(),N)

®) PF(,x(),\)=0

where a is a constant n-vector given by a = Px.

(1.28)

LEmMMA 1.4. If (1.27) is satisfied, then there are A9 > 0, ag > 0 such that,
for any a in R", lal < ag, any X in R¥ I\ <A, there is a unique T-periodic
function x* = x*(a,\) continuous together with its first derivatives, satisfying
(1.28a), x*(0,0) = 0. If there exist (a,\) such that la| < ag, IA| < Ag and

T

(1.29) G(a,x)"éfﬂo £t x* @Ot =0
then x*(a,\) is a T-periodic solution of (1.26). Conversely, if (1.26) has a
T-periodic solution x(A) which is continuous in A and has PX(\) = a(}),
la)| < ag, IAl < A, then X(A\) = x*(a(A),\) where x*(a,)) is the function
given above and a()) satisfies (1.29) for 0 < |\ < Ag.

One can also give an analogous extension of Lemmas 1.1, 1.2 to a system
of the form

x=f(t, %9\

(1.30) .
y=Bly +g(t’x’y,)\)

where €817 — I is nonsingular if one supposes f,g and their derivatives with
respect to x,y vanish at x = 0, y = 0, A = 0. We do state the results explicitly.
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Having the method formulated so as to apply to (1.26) and (1.30) gives
the opportunity to discuss more general problems as well as to discuss old
problems more completely. We illustrate this with some examples.

The simplest example is the so-called Hopf bifurcation. Suppose A is a
scalar, A(\) is a x X 2 matrix continuously differentiable in A with the eigen-
values of 4(0) being :. Then there is a neighborhood of A = 0 for which
the matrix A(\) has two complex conjugate eigenvalues u(\) * @#(\), continu-
ous and continuously differentiable in A such that u(0) = 0, »(0) = ¢. Let us
suppose du(0)/d\ # 0. This hypothesis implies that we may redefine the
eter A in a neighborhood of zero by replacing A by u(X), B\ = —[p(u~ (V)] 2
and assume A()) has the form

. A BN
(1.31) AN = <“ﬁ(7\) \ >, po)=1
Consider the second order equation
(1.32) x=AMN)x +f(x,N)
where
(1.33) f(0,\)=0, af(0,\)/ox=0

and A()) is given in (1.31).
The Hopf Bifurcation Theorem is stated explicitly in the following way.

THEOREM 1.3. Consider system (1.31), (1.32), (1.33) and suppose f has con-
tinuous second derivatives in x. Then there are Ay > 0, g9 > 0, 65 > O, s_calar
functions A*(a), w*(@) and an w*(a)-periodic function x*(a) with all functions
being continuously differentiable in a for |al < ag such that x*(a) is a solution
of the equation

x =AQ*@)x + f(x,\*(2))
and

A*0)=0,  w*©0)=21,

. acost
x*(a) = (_asint ) + o(lal).

Furthermore, for |A| <Xg, lw — 27| < 8¢, every w-periodic solution of (1.32)
with norm <8¢ must be of the above type except for a translation in phase.

PrROOF. Since we are in the plane, every periodic orbit of (1.32) must encircle
an equilibrium point. The hypothesis on 4(\) implies det A(A) # 0 for X close
to zero. Thus, the solution x = 0 of (1.32) is isolated for |A| sufficiently small
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and any solution of (1.32) with sufficiently small norm must encircle x = 0.
This justifies the introduction of polar coordinates
(1.34) x] = pcosf, x9 = —psinf

to obtain the equivalent system
6 =B0Y — 3 [fisind + fycos0]

p=Mo+ficosf —fosin6
For |Al, |p| small, 6 > 0 and so we can eliminate ¢ to obtain
dp _

(1.35)

(1.36) 0= a(M)p +R(@0,0,\)
where R(8 + 2m,p,\) = R(8,0,)N), R(6,0,\) = 0, 9R(0,0,\)/ap = 0, a(0) = 0,
d0)=1.

Finding periodic solutions of period 27 of (1.36) is equivalent to finding
periodic orbits of the original equation (1.32). If p(6) is a 2m-periodic solution
of (1.36), one obtains the period of the periodic orbit x; = p(8)cos®,
x9 = —p(0)sin 0 by finding that value of w for which §(w) = 2m where
6(¢), 6(0) = 0, satisfies the first equation in (1.35) with p = p(6).

Lemma 1.4 is applicable directly to (1.36). Let p*(6,a,\) be the unique
solution for a.A small of the equation

p=a+xX (I —P)a@)p +R(:,p,\]
Then p*(6,0,\) = 0 since x = 0 is a solution of (1.32). The bifurcation function
Gr(a,\) in (1.29) is
2w
Gu@N =3 [20)p*0.aN) +RE.0%0.aN)N)] .

Since p*(0,0,\) = 0, we have Gy(0,\) = 0. If we define the function
Gr(a,N) = Gg(a,\)/a, then Gy(0,0) = 0, 3Gy(0,0)/0N = 1. The Implicit
Function Theorem implies there is a unique A*(a@), lal < ag such that A*(0) =0
and Gy (\*(a),@) = 0. The fact that this function A*(a) leads to functions
w*(a), x*(a) as stated in the theorem is left for the reader to verify.

ExERcISE 1.18. Verify that Gg(a,\) in (1.37) is an odd function of a.

From Exercise 1.18, Gy(a,\) = agy(a®,)). Suppose A(\),f(x, ) in (1.32)
have derivatives continuous up through order four and

(1.38) g N =a) —yQ)r+o(lrl)  aslrl>0

where ¥(0) = o # 0; that is, Gg(a,\) = a(\)a — Y(\)a® + o(lal®) as lal > 0.
Then, gy(r,\) satisfies gg(0,0) = 0, 3gy(0,0)/dr = —vyo # 0. The Implicit
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Function Theorem implies there is a unique 7*(A),IA| < Ag, continuously dif-

ferentiable in A, 7*(0) = 0, 7*(A) # 0 for 0 < |A| <Ag and gH(r*()\) N =0.

If 7*(\) > 0 for 0 < |A| <\, then we can define a*(\) by the relation @ =r*(\)
to obtain Gg(a*(\),\) = 0 for |A| < Ag. Furthermore, +v/r*(\) and a = 0 are
the only solutions of G(a,\) = 0 for |\| <o, lal <ag. The condition 7*(\) >0
for 0 < || < N is equivalent to (sgnyg)A > 0, 0 < || < Ag. Furthermore,
+/r (\) and —\/r*(\) correspond to the same periodic orbit of (1.32). Con-
sequently, there is a unique nonconstant periodic solution of (1.32) in a
neighborhood of x = 0 if the following conditions are satisfied

Y0 >0, 0<A<Np
70 <0, —N <A<LO0

Let us now investigate the stability of this periodic orbit. It is sufficient
to investigate the stability of the corresponding 2m-periodic solution p*(a*(\),\)
of Equation (1.36). We will use averaging to determine the stability properties.
Make a 2mr-periodic transformation of variables in (1.36) of the form

(1.40) p=s+uy(0)s® +u?@)s

(1.39)

and choose u;(0), ug(8) to be 2x-periodic and choose a constant yg so that the
differential equation for s has the form

ds_ .3

0= As—vos® +8@,s,N)

where S(0,5,\) = o(IsI(IA| + s?)) as I\| = 0, |s| - 0. This is always possible.
To be specific in the discussion of stability suppose yg > 0. Equation (1.41)

can be considered as a perturbation of the equation

(1.42) y=—voy3

which has y = 0 uniformly asymptotically stable. Thus, there is a neighborhood
of y = 0 say |yl <& such that for |X| < Ay(8), every solution y(0) of (1.41)
with initial value satisfying |y(0)| < & must satisfy |y ()| <8 for ¢ > 0. Suppose
ly(0)| <8. Since (1.41) is 2m-periodic, y(6 + 2m) is also a solution and
y(0) < y(2m) implies y(2nk) < y(2n(k + 1)) for £k = 0,1,2,... . Thus,
y(2nk) > 3,0 as k > o0 and it is easy to show that the solution of (1.41) with
initial value ¥ is 2m-periodic. A similar argument holds if y(0) > y(2n). Since
the equation is 2m-periodic, this implies that, for every solution y(f) of (1.41)
with |y(0)| < 8, IA] < Ao, there is a 2m-periodic solution ¢y(6) such that
y(@) — ¢y(0) = 0, as 6 - oo. This means the corresponding periodic orbit of
(1.32) in R? corresponding to ¢, (0) is attracting the orbit corresﬁondmg to
y(6). Since yp # 0, there is only one nontrivial periodic orbit. Since yo > 0,
the trivial solution is always unstable for 0 <X <Ag and we have the nontrivial
periodic orbit is asymptotically orbitally stable.

(1.41)
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If y9 < 0, one argues in a similar way to obtain the nontrivial periodic
orbit is unstable. We summarize these remarks as follows.

COROLLARY 1.1. Suppose A(N\),f(z,\) have derivatives continuous up
through order four and suppose Gg(a,)) in (1.37) satisfies Gy(a,\) = agH(a2,7\)
where gy (7, N) satisfies

g, N)=X—v(N)r+ o(Irl) asr—0
7(0) = 7o #0.

Then there is a neighborhood of A = 0, x = 0 in which equation (1.32) has the
following properties:

(i) 79>0,—2 <AKDO, x = 0 is asymptotically stable and
there is no periodic orbit.
0 <A<, x = 0 is unstable and there is an

asymptotically orbitally stable
periodic orbit.

(i) v <0,—29<AKO, x = 0 is asymptotically stable and
there is an unstable periodic orbit.

0 <A<, x = 0 is unstable and there is no
periodic orbit.

EXERCISE 1.19. Prove there exists asymptotic phase in Corollary 1.1.
Hint: Show the characteristic exponent for the solution s of (1.41) is not zero.

EXERCISE 1.20. Suppose Gg(a,)) in (1.37) satisfies Gy(a,\) = agH(az,A)
with g(r,0) = cr™ + o(lr|™) as r - O for some ¢ # 0 and integer m > 1. State
and prove the analogue of Corollary 1.1.

EXERCISE 1.21. Generalize the Hopf bifurcation theorem to a system
x = ANx +f(x,y,N)
y = By +g(xy.N

where f, g, and their partial derivatives vanish forx =0,y =0, x in R2, yin R™.
Suppose A(M) as before and det [/ — expB(0)2n] # 0. Give conditions which
will ensure there is a unique nonconstant period orbit for a given A sufficiently
small. Discuss the stability properties of this orbit.

ExEeRcISE 1.22. Consider the scalar equation x = x2 + f(t,x,\) where
f(@t + 1,x,\) = f(t,x,\) has continuous derivatives up through order two in
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%\ f(t,x,0) = o(Ix|?) as |x| = 0, £(£,0,\) = O(I\|) as X = 0. Prove there is a
M > 0, §¢ >0, and a continuously differentiable function y(A), 1Al < Ao,
v(0) = 0, such that the following properties hold with respect to 1-periodic
solutions of the above equation with norm <éy:

(i) 7v(N\)> 0 implies no 1-periodic solution
(ii) y(A) = 0 implies one 1-periodic solution
(iii)) y(A) <0 implies two 1-periodic solutions.

Note that your results are true for A a parameter in a Banach space. Discuss the
stability properties in case (ii). In case (iii), if x;(z,A) < x2(z,A) are the 1-
periodic solutions, show that x1(¢,A) is uniformly asymptotically stable and
x9(2,\) is unstable. Hint: Obtain the bifurcation function G(a,\) from (1.29)
and observe that G(a,0) = a® + o(lal?) as |a| - 0. Thus, G(a,\) has a minimum
at some a®(A) for |A| small, a*(0) = 0. Let y(A) = G(a*(\),M). For case (ii),
note that every bounded solution of the differential equation must approach
a 1-periodic solution. At a zero a of G(a,\), note that the sign of dG(a,\)/da is
the same as the sign of the characteristic exponent of the corresponding periodic
solution if this characteristic exponent is not zero. If two distinct periodic solu-
tions exist and one characteristic exponent is zero, show that an appropriate
small perturbation of the vector field will yield at least three periodic solutions
near zero, which is a contradiction.

ExErcisE 1.23. Give an appropriate generalization of Exercise 1.22 to
the equation in RZ,

x=x%+f(t,%,9,N)
y=—y+g(tx,y,\)
ExXERCISE 1.24. Consider the scalar equation
x=—x3 + \1f1(t,x) + Nofa(t, %)
where A = (A\1,\g) is in Rz,ﬁ(t +1,x) =fi(t,x) forall t,x,j = 1,2

’

1
1 = [ f20)dt #0

rl
A@0)=0, yy= fo [0f1(£,0)/dx] dt £ 0

Discuss the existence of 1-periodic solutions in a neighborhood of x =0, A = 0.
Show there is a cusp I' in A-space such that on one side of I there is one 1-
periodic solution and the other side there are three. Show the cusp is .capproxl-
mately given by >\2 = (4my /2772)>\3 Hint: Show that the bifurcation function
G(a,)\) is approximately given by —a3 + Agy2a + A171 and determine those
A1, A9 as functions of a so that G(a,\) = 0, 3G(a,\) = 0.
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ExERcISE 1.25. Discuss the stability of the periodic solution in Exercise
1.24.

EXERCISE 1.26. Generalize Exercise (1.24) to the equation
x=—x3+71(txN

where A is a parameter varying in a Banach space.

ExERCISE 1.27. Generalize Exercise (1.24) to the planar system
x=—x3+1(t,x,N)
y=—y+g(t,x,\)

where A = (A\1,A\9) isin R%.

VIIL.2. Almost Linear Systems

In this section, the general perturbation scheme given in Section 1 will be
generalized to the system

where B(t - T') = B(¢), f(t + T, ) = f(t, ) and of (¢, «)/éx are continuous for
all tin R, x in C7,

Let the columns of ®(t), a matrix of dimension n X p, be a basis for the
T-periodic solutions of

(2.2) & = B(t)z,

and let the rows of ¥'(f), a matrix of dimension p X n, be a basis for the
T-periodic solutions of the adjoint equation

(2.3) j= —yB().

The p X p matrices (' denotes transpose)
T T
(2.4) C= f O'(t)D(t)dt, D= f WP (t) dt
0 0

are nonsingular. In fact, if ¢(¢) = ®(t)a and Ca =0, then J:q'(t)q(t) dt=0
which implies ¢(t) =0 for all ¢ in [0, T']. But this implies a = 0. The same
argument holds for the matrix D.

As before, let 21 be the space of continuous 7'-periodic n-vector func-
tions with the uniform topology. The fact that C, D in (2.4) are nonsingular
allows one to define two projection operators P, @ on 27 in the following way:
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(2.5) Pf=®()a, a=0C-1 f "o f(t) dt,
0

Qf=¥'(:)b, b=D" f: W(t)f (t) dt.

It is easy to check that these are projections. Notice that P takes' 2 onto the
subspace of Z spanned by the T'-periodic solutions of (2.2) and Q takes #r
onto the subspace of 7 spanned by the transpose of the 7'-periodic solutions
of (2.3). The justification for these definitions lies in the following lemma.

Lemma 2.1. If fis a given element of 21, then a necessary and suffi-
cient condition that the equation

(2.6) = B(t)x+f(¢)

has a T-periodic solution is that @f =0. If @f =0, then there is a unique
T-periodic solution X'f such that PXf=0. Furthermore, X (I —@Q) is a
continuous linear operator taking 2 into Zr.

ProoF. The first part of the lemma is a restatement of Lemma IV.1.1.
If @f = 0, then there is a solution of (2.6) in 2. If zo is the initial value
of any solution in 27, then xy must satisfy the equation Exo=1>b, where

E=X(T)—1I, b= f: X(T)X-Y(s)f(s)ds and X(f) is the principal matrix

solution of % = B(t)x. Let E* be a right inverse of E; that is, a matrix taking
the range of E into C» such that EE* = I. Since Qf =0 implies b is in the

range of E, the vector 2o = E*b corresponds to the initial value of a solution
x2*(f) of (2.6) in Pp. If H'f = (I — P)x*(f) then theoperator ) takes P inte
Pr and is clearly linear and continuous. Also, P& f =0 and Jf is the only
solution of (2.6) in #r whose P-projection is zero. This completes the proof
of Lemma 2.1.

CoroLrarY 2.1. Iffisin 27 and a is a given p-dimensional vector, then
the unique solution of %= B(t)x + (I —@)f with Px=®( - )a is given by
®a+ A (I —Q)f.

Example 2.1. Suppose B= B(t) is a constant n X n matrix, B=
diag(0p, B;) where 0, is the p-dimensional zero matrix and ¢®'7 — I is non-
singular. Then @, ¥" may be chosen as

<b=[ﬂ;’], ¥ =@ =[I,,0]

where I is the p X p identity matrix. It is easy to see that the matrices C, D
in (2.4) and operators P, @ in (2.5) are given by C =D =TI,
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1 7
7l 0 a

0

Pf=Qf=

where f;, denotes the first p components of f. This is the same operator defined
in Section 1 for equation (1.10). If @f =0, then the explicit expression for
Afis

t
[ fots) ds
(1)t = . ,
(=BT — Iyt [ e=Bufyy(t+s) ds
0

where ftfp is the unique primitive of f, of mean value zero, and f,—p

denotes the last » — p components of f.

Example 2.2. Suppose B =B(t) is constant and

[0 3)

We may choose @ = col(1, 0) and ¥ =row(0, 1). Then C =D = T and

Pf=0(-)a= [(1,] (,_% fonl(s) ds),

! O ]' T
A =¥ = [1] (i—p [, ds),
where f= (f1, f2). If @f = 0, one easily computes J'f to be
t 1 T $
) [fl(s) —zl n+] f2] s
() = Lz t )
-7 jo fit+ f f2

where “[t” again denotes the primitive of the integrand of mean value zero.

Lemma 2.2. If the operators P, Q and ¢ are defined as in (2.5) and
Lemma 2.1, then system (2.1) has a 7T-periodic solution z if and only if
x satisfies the system of equations
(2.7) (a) z=Px+eX (I —Q)f(-, ),

(b) &Qf(-, x) =0.
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Proor. Suppose z is any element of #p. We first show that
Q(¢ — Bx) = 0. In fact, from (2.5),

Q(¢ — Bx) =¥'D-1 f T‘I"'(t)[ab(t) — B(t)x(t)] dt
0

=¥ D1 fOT[‘F(t):é(t) +W(t)x(t)] dt

=¥ D1[¥()(t)]] = 0.
An element x of 27 is a solution of (2.1) if and only if
Q(# — Bx) =eQf (-, z),
(I —Q)(@ — Bx)=¢(I —Q)f(-, ).
Since @(# — Bx) =0, these equations are equivalent to (2.7b) and # — Bz =

(I —@)f(-,z). Corollary 2.1 implies this latter equation is equivalent to
(2.7a) and this proves the lemma.

Lemma 2.3. For any « >0, there is an gy > 0 such that for any con-
stant p-vector a, |a| < «, || < €9, there is a unique function z* = z*(a, ¢)
which satisfies
(2.8) *=Qa+ A (I —Q)f(-, z*).

Furthermore, 2*(a, ¢) has a continuous first derivative with respect to a, ¢ and
2*(a, 0) = a. If there is an a = a(¢) with |a(e)| £ «, 0 < |¢| < g0 and

(2.9) Gla, ) Qf (-, 2*(a, £) =0,

then z*(a, €) is a T-periodic solution of (2.1). Conversely, if (2.1) has a
T-periodic solution #(e¢) which is continuous in ¢ and has P#(e) = Da(e),
la(e)] S «, 0 < |e| < eo, then #(e) = 2*(a(e), ) where 2*(a, ¢) is the function
defined above and a(e) satisfies (2.9) for 0 <|e| < ¢o.

Proor. Suppose « >0 is given and a is any p-vector with |a| < «. Let B
be a positive number such that ||@a|| < B for |a| < «. For any y > 0, define
&(y)={yin Pr: Py=0, |ly|| £ y} and the operator #: ¥(y) >Pr by

(2.10) Fy=eAI—-Qf(-,y+ Pa)

for y in &L(y). If y*(a, ¢) is a fixed point of F in F(y), then z*(a, &) =
®a + y*(a, ¢€) is a solution of (2.8). The proof now proceeds exactly as in the
proof of Lemma 1.2.

From the point of view of applications, it is convenient to observe that
relation (2.5) implies that G(a, &) =0 in (2.9) is equivalent to

def T
(2.11) F(a, &)< f W(t)f (t, 2*(a, &)(t)) dt = 0.
0
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Lemma 2.3 asserts the following: one can arbitrarily preassign an element
xp = ®a of the subspace of 2 defined by {fin 2 7: Pf = f} and then uniquely
determine a solution of (2.7a) with Pz replaced by zp . The element zp is then
used to attempt to solve the remaining equation (2.7b).

Equations (2.9) or (2.11) are called the determining equations or bifurca-
tion equations of (2.1) and can be determined approximately by successive
approximations since & in (2.10) is a contraction operator. Taking only the
first approximation ®a for z*(a, ¢) and using the implicit function theorem,
one arrives at

THEOREM 2.1. Suppose x*(a, ¢) is defined as in Lemma 2.3 and let
-F(a, €) be defined by (2.11). If there is a p-vector ag such that

F(a,0)=0, det [gijg%_,_O_)] £0,

then there are an & >0 and a T-periodic solution z*(¢), 0 < |¢| < &1, of
(2.1), z*(0) = Dao and z*(¢) is continuously differentiable in &.

Exerocrise 2.1. If fis in 27 and @f = 0, give a constructive procedure
for determining the function X#f in #r given in Lemma 2.1.

ExErcisE 2.2. State and prove the appropriate generalizations of the
results of this section for the equation
= B(t)x+f(t, =, ¢),

where B(t+ T) = B(t), f(t + T, =, €) = f (¢, =, €) are continuous for (¢, z, ¢) in
R xCn x C, and

1 0,0)=0,
|f(t, x, &) —f(t vy, &) < n(le|, o)z —y],

fortin R, ¢in C, z, y in C", |2| < 0, |y| < o and 7(«, &) is a continuous non-
decreasing function for « = 0, ¢ 20, 5(0, 0) =0.

Exzercise 2.3. Consider the system
(2.12) X =2,
&2 = e[(0 + a cos 2t)x; + bat + cx,],
where o, «, b, ¢ are constants. Find conditions on these constants which

will ensure that #-periodic solutions exist. What are their stability properties?

ExErcrsE 2.4. Find conditions on o so that (2.12) for b=c¢ =0 has
a 7r-periodic solution. Interpret your result in the light of the theory of the
Mathieu equation.
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If the system (2.1) possesses some additional properties, it is sometimes
possible to make qualitative statements about the bifurcation equations (2.9)
or (2.11) without any successive approximations. The next few pages are
devoted to this question.

Definition 2.1, A system of differential equations & = g(¢, «) where z,

g are n-vectors is said to have property (E) with respect to S if there exists a
symmetric, constant » X n matrix S such that 82 =1 and

Sg(—t, Sx) = —g(t, x)

for all ¢, x.

If x(t) is a solution of a system which has property (£) with respect to S,
notice that Sz(—t) is also a solution. In fact, if x is a solution of such a system
and w(t) = Sz(t), then

w(t) = S(t) = Sq(t, x(t)) = Sg(t, S~ w(t)) = Sg(t, Sw(t)) = —g(—*, w(t)).
This implies w(—t) = Sx(—t) is a solution of the original equation.

LEmMMA 2.4. Suppose 8 is an n Xn symmetric matrix, S2=1,
B(t)= B(t+ T) is an n X n continuous matrix and f(t) = f(t + 7') is a con-
tinuous n-vector such that
(2.13) (a) SB(—t)= —B(t)S,

(b)  SF(—t) = —f(t).
Let the columns of the n X p matrix ® be a basis for the 7'-periodic solutions
of (2.2), A be defined as in Lemma 2.1 and @ as in (2.5). Then
(2.14) (a) SP(—t)a = D(t)a for all ¢t if SO(0)a = D(0)a,
(b) S(@F)(—t) = —(@F)®),
() ST —Q)f(—t)=[A(I —Q)f]®).

Proor. The fact that B satisfies (2.13) implies that system (2.2) has
property (E) with respect to S and thus, if S®(0)a = ®(0)a, then uniqueness
of the solutions implies S®(—t)a = ®(t)a for all ¢. This proves (2.14a). The
matrix S®(—t) is a basis for the 7T'-periodic solutions of (2.2) and, conse-
quently, there is a p X p nonsingular matrix I' such that S®O(—t) = O¢)I
for all t. In the same way, there is a p X p nonsingular matrix M such that

W'(—t)S = M¥(¢t) for all ¢.
For any f satisfying (2.13b), we have from (2.5), and S’ =S that

T
0

SQf)(—t) =S¥(—)D [ ¥(@)f (o) do

T
—W'(t)M’' D fo V(—a)f(—a) dex
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T
= —W/(t)M' D! j W(—a)Sf (o) dax
0

= V)M’ DM f W) () da
0

On the other hand, from (2.4) and 8’ = 8, 82 = I, one shows that M DM’ = D.
Therefore, M' DM = D1 and

T
S@N(—t) = =¥ (D | ¥(a)f(«) de

= —(@f)().

This proves (2.14b).
If f satisfies (2.13b), then (2.14b) implies that (I — Q) f satisfies

ST —Qf(—t)=—(I —Q)f(¥).

Therefore, to prove (2.14¢), it is sufficient to show that (2.14¢) is satisfied with
(I — Q) f replaced by f and Qf =0. We first show that PS(Af)(—-)=0.
From (2.5), this is true if and only if

T
0= f O'(O)S(AHS)(—1) dt
0
T
=T [ @A)~ dt
0

T
=TI f (A )() dt.
0

Since PXf = 0 it follows that f: @'(t)(o'f)(¢)dt = 0. Therefore, PS(Af)(—")

=0. Since J'f is the unique solution of (2.6) with P#f=0 and SHf(—")
is also a solution of this same equation with P-projection zero, it follows
that (2.14c) is true. This proves the lemma.

THEOREM 2.2. Let the columns of the n X p matrix ® be a basis for the
T-periodic solutions of (2.2) and let the rows of the p X n matrix ¥ be a basis
for the 7'-periodic solutions of (2.3). Let 2*(a, &) be the function determined in
Lemma 2.3 and suppose system (2.1) has property (&) with respect to S. Then

(2.15) Sa*(a, £)(—t) = x*(a, €)(t)

for all ¢ provided that (I —S8)®(0)a =0. In addition, if F(a, ¢) is defined as
in (2.11), then

(2.16) (I + M)F(a, &) =0.
where M is the matrix such that W(—¢)S = MY (¢).
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Proor. Suppose S®(0)a = O(0)a; let £(y) be defined as in the proof of
Lemma 2.3 and &*(y) be the subset of &(y) consisting of those y in F(y)
which satisfy Sy(—t) = y(t). From Lemma 2.4, Fy =X (I —Q)f(, y + Da)
belongs to &*(y) for || < g0 where ¢ is given in Lemma 2.3. Since this
operator has a unique fixed point y*(a, ¢) in S(y),Sy*(a, &)(—t) = y*(a,&) (¢).
Therefore (2.14a) implies z*(a, &) = y*(a, €) + Pa satisfies relation (2.15).
Using (2.15), property (E) and the fact that ¥(—t)S = M'¥'(t), one obtains

T
Fla, &) = fo W () f (¢, 2*(a, €)(t)) dt
= f "y £(t, Sz*(a, e)(—t)) dt
0
- f T‘I"(t)Sf(—t, x*(a, £)(—t)) dt
0

=-M f:‘l’( —1t) f(—t, x*(a, €)(—t)) dt

= —MPF(a, ¢).

This proves the theorem.

In the applications, Theorem 2.2 can be very useful and especially the
conclusion expressed in (2.16). This relation says that the bifurcation func-
tions given by the components of the vector F in (2.11) are dependent pro-
vided that the p-vector a satisfies (I —S)®(0)a = 0. This can lead to results
for (2.1) involving the existence of families of periodic solutions. The following
exercises illustrate this point and involve situations in which property (E)
expresses some even and oddness properties of the functions in (2.1).

ExEercIse 2.5. Suppose f(—t, ) = —f(t, ) for all t in R, zin B™. Show
that the system % = ¢f (¢, ) has an n-parameter family of periodic solutions
for e small. If f (¢, ) = A(t)x and A(—t) = —A(2), this implies in particular all
characteristic multipliers are 1.

ExErciSE 2.6. Reconsider Exercise 1.7 in the light of Theorem 2.2.

EXERCISE 2.7. Show that all solutions of the equation
37+crzy=sg(y, 9, 9), o #0,

in a neighborhood of y =y = jj = 0 are periodic for ¢ small if g(y, —y, ) =
—g(y, 9, §). Write the equation as a third order system z = A(o?)z + &f (8, ),
let z=[exp A(r2)t]z, 72 =02 +-¢B and apply the previous results to the
equation for z using B as one of the undetermined parameters.

ExEercisE 2.8. Consider the system of second order equations
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U+ o2u = Ggl(u, u, v, 7})’
v + F'Zv = 892(% d, v, 7}),

where o #mu, p #mo form=0, 41, ... and

91(—u, 4, v, —9) = —g1(u, %, v, v),
92( —u, U, v, —’U) = gz(“? d: v, ’U)

Show that this system has two 2-parameter families of periodic solutions.
Let 2y =wu, 23 = ou, 23 ="v, v4=uv to obtain a fourth order system z =
A(o, p)x + &f (x) where A (o, p) = diag(B(o), B(p)), ¢ = (y, 2), ¥, z two-vectors
and let y =[exp B(7){]Y, z=Z, 7= 0 + ¢ and apply Theorem 2.2 to the
equation for (Y, Z) using B as one of the undetermined parameters. Generalize
this result to other types of symmetry as well as a system of n-second order
equations.

Definition 2.2. JA first integml'of a system
(2.17) Z=g(t, )

is a function u: B X C” — C which has continuous first partial derivatives
such that

ou(t, x) ou(t, x) _

gt 2) + =22 =0

for all ¢, 2.

If x(t, to, xo), (o, to, xo) = o is a solution of (2.17) and u is a first
integral of (2.17), then u(¢, (2, to, a)) = u(fo, o) for all ¢ for which z(t, to, xo)
is defined. If ty = 0, we write x(¢, o), 2(0, xo) = xo, for a solution of (2.17).

Let V(t, xo) = 0x(t, 29)/0x9. In Chapter I, we have seen that V is a
principal matrix solution of the equation

(2.18) 2= Hz, H = H(t, zo) = 0g(t, z(t, xo))/0x.

Lemma 2.5. If uis a first integral of (2.17) which has continuous second
partial derivati'ves, then uz(2, o) gezfau(t, x(t, xo))/ 0z is a solution of the adjoint
equation

(2.19) = —wH,
where H is defined in (2.18).

Proor. Since u(t, (¢, zo)) = u(0, xo) for all ¢ and all z¢, it follows that
Ug(t, 2(t, 20))V(t, x0) = uz(0, 29) for all ¢. Differentiating this relation with
respect to £, one obtains
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for all t. Since V is nonsingular, 4, must satisfy (2.19) and the lemma is
proved.

LemMa 2.6. Ifu(t 4+ T, x, €) = u(l, z, €) is a first integral of (2.1) which
has continuous second partial derivatives with respect to f and x and z*(a, )
is the T'-periodic function given in Lemma 2.3, then

T
(2.20) fo [uzQf Jo=zs(a, o () dt =0

for ¢ £ 0, where @ is defined in (2.5).

ProoFr. Since u is a first integral of (2.1), we have in particular that
T
[ (wa(Br + of ) + wla-asa, oft) di = 0.
0
Since z*(a, £)(t) and u(t, «, ) are T-periodic in ¢, we also have

0= j:,% [u(t, 2*(a, &)(t), &)] dt
T
= J‘O [ug £* + Utlz—2+(a, &)(f) di

T
- fo [uz( Bz + &f — eQf ) + t)o—ze(a, &) (t) dt-

Subtracting these two expressions gives (2.20) and proves the lemma.

Suppose z*(a, ¢) is the T-periodic function given in Lemma 2.3 and
suppose u(¢, z, €) = u(t + T, z, ¢) is a first integral of (2.1) with u,(t, 0, 0) 52 0.
From Lemma 2.5, it follows that u(t, 0, 0) is a nontrivial 7'-periodic solution
of W= —wB(t). Since x*(0, 0) =0, uz(t, z*(0, 0)(t), 0) = u4(t,0,0) #0 is a
T-periodic solution of the adjoint equation w = —wB(t). With the rows of the
p X n matrix ¥ defining a basis for the 7T'-periodic solutions of this equation,
this implies there is a p-dimensional row vector & 7 0 such that u.(¢, 0, 0) =
RY¥'(t). Obviously, there is a continuous function u(t, @, &) = u(t + T, a, ) such
that u(t, 0,0) =0 and

us(t, 2*(a, €)(t), £) = us(t, 0, 0) + p(t, a, )
=h¥(t) + pit, a, €).

If F(a, ¢) is defined as in (2.11), then (2.5) implies that equation (2.20) can be
written as
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T
0= f [BY(t) + p(t, a, &)]¥'(t)D-1F(a, &) dt
0

= [h + fOTp,(t, a, e)¥'(t) D1 dt] F(a, ¢)

for 0 <|e| < o Since h is nonzero and u(t, 0, 0) == 0, it follows there are
a1 #0, €1 #0 such that A +f0T,u,(t, a, &)Y (5)D1dt =hy is #0 for |a| £ ay,
|e] £ e1. Therefore, there is a linear relation among the components of F;
that is, a linear relation among the bifurcation functions of (2.1). One of the
bifurcation functions is therefore redundant if there is a first integral u(t, z, ¢) =
u(t+ T, z, €) of (2.1) with ug (¢, 0, 0) #0.

If w, ..., ug are first integrals of (2.1), we say they are linearly inde-
pendent if the matrix u.(t, 0, 0) = du(t, 0, 0)/0x, u = (uy, ..., ug) has rank k.
Using the same argument as above, one obtains

THEOREM 2.3. Let u = (uy, ..., ux) be k < p linearly independent first
integrals of (2.1), u(t + T, &) = u(t, z, €) be continuous and have continuous
second partial derivatives with respect to ¢, . Then there are an «; >0,
€1>0 and a k X p matrix H of rank k such that HF(a, ¢) =0 for |a| < a;,
le| < &1 and F(a, ¢) defined in (2.11). If k = p, then there exists a p-parameter
family of 7T-periodic solutions z*(a, ¢), |a| £ a1, |¢| < €1, where z*(a, &) is
given in Lemma 2.3.

The proof of the first part of this theorem is essentially the same as the
above argument for k=1. If k= p, then H is a nonsingular matrix and
HF(a, &) =0 implies F(a, ¢) =0 for |a| £ a1, |¢| £ e1; that is, the bifurcation
equations are automatically satisfied. An application of Lemma 2.3 completes
the proof of the theorem.

ExERrcrs 2.9. (Liapunov’s theorem) Suppose the system

(221) :il = 0oX2 +fl(x1; x2, I‘/),
%o = —ox1 + fo(x1, 22, Y),
9 =Cy+g(x1, 22, ),

where ¢ >0, z1, 2 are scalars, y is an m-vector, fi, f2, g are analytic in
a neighborhood of 21 =0 = z2, y = 0 with the power series beginning with
terms of degree at least two. Suppose this system has a first integral
W (z1, x2, y) which has continuous second derivatives with respect to 21, 22, y
and the eigenvalues A, ..., Ay of the constant matrix C satisfy Ax £ ion
fork=1,2,..., m, and every integer n. Prove that this system has a two
parameter family of periodic solutions. Introduce polar type coordinates
21 = p cos o, 2 = —p sin o6 in (2.21) and eliminate ¢ in the resulting equa-
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tions to obtain differential equations for p, y as functions of 8. Let p — ¢p,
y — eyand apply Theorem 2.3. If all eigenvalues of C are purely imaginary, do
there exist other families of periodic solutions? What additional conditions
are sufficient for the existence of other families of periodic solutions? Is it
necessary to assume that fi, f2, g are analytic?

ExErcIsE 2.10. Interpret the general theory of this section for the par-
ticular nth order scalar equation

dry
i ef (8, y).

ExErcisE 2.11. Consider the system
(2.22) W= Aow + eO(t)w,

where @(t + T') = ®(t) is a continuous n X n matrix and 4o is a constant
matrix. Give a constructive procedure which is in the spirit of this section for
obtaining a principal matrix solution of (2.22) of the form U(¢, ) exp[B(e)t]
with U(t+ T, €) = U(t, €), U(t, 0) = I, B(0) = Ao. Consider the n X n matrix
equation

(2.23) W=AW + cD(t)W

and, for any given n X n constant matrix A;, let W = U exp[A4¢ — A1]¢. The
differential equation for U is

(2.24) U=A0U—Udo+ Ud; + ®(t)U.

Determine necessary and sufficient conditions that the nonhomogeneous
matrix equation

U=A4,U —Udo+ F(t).
F(t+T)=F(),

have a T-periodic solution. Use this fact to obtain a set of matrix equations
I’'(41, ) =0 whose solution is necessary and sufficient for obtaining a
T-periodic matrix solution of (2.24). Show there is always a matrix function
A;(e) such that I'(A41(¢), £) =0 for ¢ small.

ExERCISE 2.12. Generalize exercise 2.11 to a class of almost periodic
matrix perturbations O(t).

ExErcise 2.13. If A4y in (2.22) is a T-periodic matrix function, how
could the procedure of exercise (2.11) be modified to obtain the principal
matrix solution?

In Exercise 2.2, the reader was supposed to prove that one could use the
methods of this chapter to obtain T-periodic solutions for equations which con-
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tained nonlinear terms when € = 0. Of course, one must then discuss those
solutions which remain in a sufficiently small neighborhood of € =0, x = 0.
As in Section 1, a further generalization is needed to discuss equations which
contain several independent parameters. In the next pages, we give this generali-
zation and a few illustrations.

Consider the T-periodic system

(2.25) x=B(t)x + f(t,%,N)

where B(t + T) = B(?) is a continuous n X n matrix, X is in R¥, f(¢ + T,x,\)
= f(t, x,\) has continuous derivatives up through order one in x,\,

(2.26) f(2,0,0)=0, 9f(¢,0,0)/0x = 0.
The analogue of Lemma 2.3 is the following which is stated without proof.

LEMMA 2.7. If P,Q are defined in (2.5), ¥:%Pr > P7 in Lemma 2.1,
and (2.26) is satisfied, then there are A9 > 0, ag > O, such that, for any a in
R", lal < ag; any A in R¥, |N\| < g, there is a unique T-periodic function
x* = x*(a,\) continuous together with its first derivative satisfying x*(0,0) = 0,

x* = q)a +‘Y(I— Q)f(',x*,x)'
If there exist a,\ such that

1 T
G(a,)\)dgf'f fo (@) f (2, x*(@,N)(),\)dt = 0

then x*(a,\) is a T-periodic solution of (2.25). Conversely, if (2.25) has a
T-periodic solution x(\) which is continuous in X and has PX(\) = ®a()),
Ja) | < ag, INl < Ag, then x(A) = x*(a@(A),\) where x*(a,)) is the function
given above and a(}) satisfies (2.27) for 0 < || < Ao.

Let us illustrate the use of this lemma for Duffing’s equation. In Section
V.5, we have discussed Duffing’s equation with a small harmonic forcing by the
method of averaging. In order to do this, we assumed all of the parameters were
multiples of a single small parameter €. Also, because of the nature of averaging,
we could only discuss a periodic solution if its characteristic multipliers were
not on the unit circle. This implies that the information obtained is incomplete
in the neighborhood of the points in parameter space where the number of
periodic solutions changes from one to three. A more complete discussion can be
given based on Lemma 1.4. We give an indication of the procedure below for
the case of no damping.

Consider the equation

2
(2.28) d_;_z +u+vyud =Fcoswr
dr

where v # 0 is a fixed real number, F,w — 1 are small real parameters.The
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objective is to obtain the 2m/w-periodic solutions of (2.28) which have small
norm. If

2 _ - __B A __F_
then
d2
(2.29) d2+u——uou + Nu+ugcost

and we determine 21r-penod1c solutions of (2.29) of small norm. Since y # 0,
the transformation u = |ugl|™ 112 for B small can be made to obtain

(2.30) x+x=—(sgn 'y)x + \1x + Agcos t,

where A9 = Iuolllzug. Therefore, we must analyze the existence of small 27-
periodic solutions of (2.30) for the parameter A = (A1, \g) varying in a neighbor-
hood of A =0.

We could transform (2.30) to a system of two first order equations, but
itis actually more convenient to work directly with (2.30). Let o, = {x:R >R,
continuous, 2w-periodic} with the usual norm. If

P:Pon > Pon
(2.31) on )
PrY(®) = —cos t h(s)cos sds + = sm t h(s)sm sds

then P is a continuous projection and the equation

(2.32) X +x=h(p)

for h in Py, has a 2m-periodic solution if and only if Ph = 0. If Ph= 0, then
we can obtain a unique 2m-periodic solution.# A of (2.32) which is orthogonal
to sin ¢, cos ¢. The general 27-periodic solution of (2.32) is

(2.32) x(®)=acos(t —¢) + (¥ h)(D)

where a,¢ are arbitrary real numbers.
Therefore, a 2-periodic solution of (2.30) is given by

x(f) = acos (t — ¢) +F (I — P)[—(sgn 7)x3 + N\ x + Agcos +] ()
P[—(sgn 'y)xs +A1x + Agcos-] =0
for some a,¢. The parameters a,¢ must be determined through the biforcation

equations P[ ] = 0. For the method, it is convenient to put the parameter ¢ in
the perturbation term by replacing ¢ by ¢ + ¢; that is, consider the equation

(2-33) x +x=—(sgny)x3 + N\;x + Agcos(t + ¢)
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and a 2m-periodic solution x so that Px = acos¢ for some a. Such a solution x
must satisfy

(@) x(?)=acost +¥ (I —P)[—(sgn7)x> + \1x + Aa cos(* + $)](?)
(b) P[—(sgn7)x3 + N1x + Agcos(- + ¢)] =0

In the usual way, solve equation (2.34a) for a 2r-periodic function, x*(¢,a,\)
for a,\ small, x*(¢,a,\) = acos t + o(lal) as a— 0.

Then the bifurcation equations are
27

(@) Nocos¢ + :—Jo [A1x*(@) — (sgn y)x*3()] cos tdt =0

2n
(b) Agsing +% , DO —Gen 3] sindr = 0

(2.34)

EXERCISE 2.14. Prove x*(¢,a,)\) is an even function of ¢.

From Exercise (2.14), Equation (2.35b) is equivalent to Agsing = 0 or
¢ = 0if Ag # 0. If Ag = 0, then the only 2n-periodic solution of (2.33) near
x =0, A1 = 0is x = 0. Thus, we may assume ¢ = 0 and have the result that there
is a 2m-periodic solution of Equation (2.30) near x = 0, A = 0 if and only if this
solution is even, x(£) = x™®(0, a,A)(¢) and (a, ) satisfy the equation

2n
(2.36) G(a, 7\)d£.°-f7\2 + %J;) [A1x*©0,a,M)(®) — (sgn 7)x*3(0,a,N)(1)] cos tdt = 0

It remains to analyze Equation (2.36). It is not difficult to show that

G(a ) = opg(\) + a;(Na+ oz2(7\)a2 +agWa® +o(lal®)
where
ag(\) = Ag + o(IN] + [Xg])

a1 ) =21 +o(In ]+ IAgl)
az() = O0(IA)

3
a3(0) = —seny

The first objective is to obtain the values of A which give rise to multiple
solutions of G(a,\) = 0; that is, those values of A for which
(2.37) - G(aN)=0, 9G(a,\)/da=0

The Jacobian of these two functions with respect to A is given by

0 1
det =—1.
1 0
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Consequently, there are unique solutions AT@,\3(a) of (2.37) near a = 0 and
they are given approximately by

238)  M@=2Gm+o(la?),  Ae@=—3(ma+o(lal?)

Formulas (2.38) are the parametrlc representation of a cusp given approximately
by 7\2 = (l6/81)(sgn'y)>\l in the (A;,Ag)-plane. Since 9G(0,0)/dNp = 1, it
follows that there is one solution on one side of this cusp and three on the other.
This analysis gives a complete picture of the small 27-periodic solutions in a
neighborhood of x = 0 for A = (A1,A2) varying independently over a full
neighborhood of zero.

EXERCISE 2.15. (General) Analyze all the exercises in this chapter in the
spirit of the above discussion for Duffing’s equation.

Let us consider another example which will illustrate in a more dramatic
way the importance of considering independent variations in the parameters.
Suppose g(x) has continuous derivatives up through order 2 in the scaiar variable
x and the equation

(2.39) X+g(x)=0

has a family of periodic solutions ¢(w(a)t + o, a) for a in R, |a — ag| < 8, for
some fixed ag,5,w(ag) = 1, ¢(0,a) = ¢(8 + 2m,a); that is, the solutions have
period 2m/w(a) where a can be considered as the amplitude of the solution and
a the phase. We assume the period 2m/w(a) is the least period. Suppose f(¢)is a
continuous 27-periodic function (27 is not necessarily the least period), Aj,A9
are small real parameters and consider the equation

(2.40) x+gx)=—N\x+ Ao f ().

Let T = {(¢(t,a0),4(t,a0)), ¢t in R} be the 2m-periodic orbit in the phase
space (x, x) corresponding to the amplitude ag. The problem is to determine all
the 2m-periodic solutions of (2.40) which lie in a neighborhood of I' for
X = (A\1,A9) in a neighborhood of zero. If the least period of T is 27 and the
least period of fis 2m, then we are looking for harmonic solutions near I. If the
least period of T" is 27 and the least period of f is 2n/k for some integer k> 1,
we are looking for subharmonics of order & near T'.

We need the following pypotheses:

(Hy) wla)=1,  w'(a)#0
M) WpO=otap) and  h@= [, p0O7¢—adr/ | Bds

then h(a) has a unique maximum at oy in [0,27), a unique minimum
at &, in [0,2m), h"(ap) # 0, A" () # O.
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We can then state

THEOREM 2.4. If (H;), (Hp) are satisfied, then there exist enighborhoods
Uof T, Vof A\ =0 and curves C,, C V, Cy C V, defined respectively by
N = em(A2), A1 = cy(Ag) with ¢, cy continuously differentiable in Ag,
Cpm,Cym tespectively are tangent to the lines N\; = A(a, YA, A1 = h(ap)A2
at A} = Ag = 0, these curves intersect only at zero, the sectors between these
curves containing A9 = 0 has no 2m-periodic solutions and the other sectors
contain at least two solutions. If the least period of f(£) is k™!, k> 1 an
integer, then x(f) a 2m-periodic solution implies x(¢ + m/k), m = 0,1,...,
k — is also a 2m-periodic solution.

PROOF. Our first objective is—ta obtain a convenient coordinate system
near T'. The vector 7(8) = (5(6),p(8)) is tangent to T and (6) = (6(6),—H0))
is orthogonal to 7(6). For a fixed ag, an application of the Implicit Function
Theorem shows that the mapping

x = p(a) + ap(®)
y=p(e) —ap(a)
is a homeomorphism of a neighborhood of (aq,0) into a neighborhood of

(p(ag), p(q)). By using the compactness of I' and further restricting the size
of a, one easily concludes that there is an ag > 0 such that the set

U = {(x, ) given by (2.41) for 0 < a < 2m, |al <ag}

is an open neighborhood of T' and, for any (x,y) € U, there is a unique (a,a)
such that (x,y) satisfies (2.41); that is, (a,a), 0 < a < 2w, lal| < ag, serves as a
coordinate system for a neighborhood of T'.

If (x(2), y(2)), y() = x(2), is a 2m-periodic solution of (2.40) which lies in a
sufficiently small neighborhood of T, then the initial value (x(0), y(0)) uniquely
determines an (o, a) such that (x(0),y(0)) is given by (2.41). Therefore, it is
sufficient to consider only those 2m-periodic solutions of (2.41) of the form

x(@) =pit+ o)+ 20t + )
y@) =pt + @) +2(t + )

where (z(), z(@)) = a7y (a) for some constant a; that is,(z(0),z(0)) is orthogonal
to 7(e) = (P(®),p(@). If x(¢ + &) = p(t + @) + z(¢ + @), t + v is replaced by ¢
and f,(!) = f(¢t — @), then

(2.42) ZHgp)z=Nz+ NP+ Ao fo(D) +G(2,2)

where G(t + 2m,2) = G(t,2) and G(¢,2) = 0(|z|2) as | z| > 0.
We now apply our basic method to Equation (2.42).
Hypothesis (H;) implies that all 2m-periodic solutions of the linear equation

(2.41)
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(2.43) i+ gp)w=0

are constant multiples of p. Let us define f02 "H? = n and define the continuous
projection P: Py, = Po, by the relation

. ‘2" .
(2.44) Pop=p fo op/n.

For a given ¢ € Py, the Fredholm alternative implies that the nonhomog-
eneous equation

(2.45) 5+ ¢p)o = 0(0)

has a 2w-periodic solution if and only if P$ = 0. If P = 0 and vg(t) = vo(t;9)
is any particular solution of (2.45), then each 27-periodic solution of (2.45) is
given by

v(t) = Bp(1) + vo(t,9)
for some constant . The solution v will have (v(0),2(0)) orthogonal to
(£(0),p(0)) if and only if
(2.46) B[A0)% + $(0)%] = —p(0)0(0:¢) — H(0)i0(0;9)-
This relation uniquely defines 8 = $(¢) as a function of ¢. If we define

(247) r9)(1) = B(@®)p(1) + vo(t,9), ¢ € I — P)Pn,

then one can easily verify that ¥":(I — P)Po, - Poy is a continuous linear
operator.

With this definition of ¥; (2.40) will have a solution of the form,x=p + 2,
if and only if the following equations are satisfied:

(2.48a) 2=F (I —P)[-Nz— NP + Nofy, + G(+,2)]
(2.48b) P[—\z—Nyp + Nafy + G(-,2)] = 0.

An application of the Implicit Furiction Theorem to (2.48a) shows there is a
neighborhood U C Py, of zero and a neighborhood ¥V C R?0of X\ = 0 such that
(2.48a) has a solution 2*(a,A) for A in ¥, 0 < a < 2m, this solution is unique
in U, has continuous second derivatives with respect to a,\ and z*(a,0) = 0
for all o. Therefore, (2.40) will have a 2m-periodic solution in a sufficiently
small neighborhood of T" for \ in a sufficiently small neighborhood of zero if
and only if (a,N) satisfy Equation (2.48h) with z replaced by z*(a,\); that is,
if and only if (a,)\) satisfy the bifurcation equation

(om
(2.49) F(a,x)déffo PNz (&N — Mip + Nafy + G(-,2%(@,\)] /n = 0.

The function F(a,\) satisfies F(a,0) = 0 and
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(2.50) F(o,\) = —\; + h(e)2g + h.o.t.

where h(a) is given in (Hg) and h.o.t. designates terms which are O(JAl2) as
IXI=>0.
For any A9 # 0, the Bifurcation Equation (2.50) is equivalent to

@.51) h()——+Q( o )=o

where Q(,8,\) has continuous derivatives up through order two and Q(e,8,0)=0.
It remains to analyse the bifurcation equation (2.51). Finding all possible
solutions of (2.51) in a neighborhood of A = 0 is equivalent to finding all
possible solutions of the equation
(252) H(o,829)E'h(e) — B+ 0(a,8,29) = 0
for all « € R, B €ER, and A2 in a small neighborhood of zero. For Ay = 0, the
only possible solutions (ag,8g) are those for which A(ag) = Bo. If a¢ is such
that A'(cg) # O, then the Implicit Function Theorem implies there is a
8(g,B0)> 0 and unique solution a*(B,A\g) of (2.52) for |8 — B I,IA2l < 8(ag, Bo),
a*(ﬁn,O) = aQ. 7
It A'(ag) = 0, then Hypothesis (Hp) implies 4''(ag) # 0. Therefore, there is
a8(ag,Bp) > 0 and a function a*(B,\2), @*(Bg,0) = aq, such that

OH (0*(B,1\2),8,\2)/dac= 0

for |8 — Bol,/Nal < 8(aq,Pp) and a*(B, )ng) is unique in the region |la — aql
& 8(ag,po). Thus, the function M(B, o) ‘H(a*(B,12),8,\2) is a maximum or
a minimum of H(a,B,A\g) with respect to a for §,A\y fixed. A few elementary
calculations shows that M(8y,0) = 0, dM(By,0)/98 = —1. Therefore, the Im-
plicit Function Theorem implies there is a 8(8p) and a unique function
B*(\2),8*(0) = Bo, such that M(B*(A2),\2) = 0 for |Ag| < 8(Bp). There are
two simple solutions of (2.52) near ag on one side of the curve § = *(Ag) and
no solutions on the other. In terms of the original coordinates A, this implies
there are two solutions of (2.51) near ag on one side of the curve X; = f*(Ag)A2
and none on the other. The curve A; = $*(Ag)Ag is a bifurcation curve and is
tangent to the line A} = foAg at A=0.

The above analysis can be applied to each of the points o; in Hypothesis
(Hz). One can choose a 8 > 0 such that all solutions of (2.51) for la— ;i <&,
jA| <& are obtained with the argument above.

The complement of these small regions |a — a;] <3 in [0,27] is compact
and A'(e) # O in this set. A repeated application of the Implicit Function
Theorem now shows that no further bifurcation takes place and all solutions
are obtained for |\[,|Ag| < &. This shows there exist two 27-periodic solutions
in the sectors mentioned in the theorem. If the least period of f(¢)is 1/k, k> 1
an integer, then we can obtain other 2m-periodic solutions by replacing ¢ by
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t + mlk, k = 0,1,2,...,k — 1. This completes the proof of the theorem.

ExERCISE 2.16. Let S be a sector in Theorem 2.4 which contains 27-
periodic solutions. Suppose 'y is a contmuous curve in S defined parametrically
by N = N(), 0 <B<L 1, )\I(B) + )\2(6) 0 implies § = 0 and let x(¢,8) bea
2m-periodic solution of (2.40) for A; = N\j(B) which is continuous in g for
0 <B< 1. Prove that x(+,B) is continuous at § = 0 if and only if

limg, o A1 (B)/A2(B)

exists. If this limit is Ay then x(-,8) = p(+ + ag) where ag is a solution of
h(ao) = ho.

Exercise 2.16 shows the difference between considering parameters inde-
pendently and considering them varymg only along some straight line in A-space.
In fact, if one considers A0 = ()\1,7\2) fixed in R? , puts A= A0 and considers
Equation (2.40) for € small, then the most interesting part of the qualitative
behavior of the solutions is lost.

EXERCISE 2.17. Generalize Theorem 2.4 to the case where A(a) has a
finite number of extreme values a; on [0,27] with A"(a;) # 0.

ExEeRcCISE 2.18. Generalize Theorem 2.4 to the equation
x +g(x) =N\ f1())x + Ao fo(r)

/

VIIL.3. Periodic Solutions of Perturbed Autonomous Equations

In this section, part of Theorem VI.4.1 is reproved by using the methods
of this chapter rather than a coordinate system near a periodic orbit. Consider
the equation

(3.1) ¢=1(@)+ Fiz, e),

where f: R* — Rn, F': Rn+1 - R® are continuous, f (x), F(x, £) have continuous
first partial derivatives with respect to z and F(z, 0) =0 for all z. If the
system

(3.2) z=f(x)

has a nonconstant periodic solution u(t) of period w whose orbit is €, then the
linear variational equation for « is

0, t
(3.3) j=awy  A0="49,
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and this linear periodic system always has at least one characteristic multi-
plier equal to 1.

TrEOREM 3.1. If 1 is a simple multiplier of (3.3), then there are an
€0 #0 and a neighborhood W of € such that equation (3.1) has a periodic
solution u*(-, &) of period w*(e), 0 < |e| < g9, such that u*(-, 0) = u(-),
w*(0) = w, u*(t, £) and w*(¢) are continuous in ¢, ¢ for ¢ in R, 0 < |¢| L &.

Proor. Let 2, be the space of continuous w-periodic n-vector functions
with the supremum norm. For any real number B, consider the transforma-
tion ¢ = (1 + B)7 in (3.1). If z(t) = y(7), then y satisfies the equation

d
(3.4) = 1+BLf )+ Fly, o))

If (3.4) has a solution in 2, then (3.1) has a solution in 2118 . If y(7) =
u(t) + 2(7), then z satisfies the equation

(3.6) :—i =A(r)z+ G(, 2, &, B),

G(r,2, 6 B)=(1+B)f(u+2)+ Flu+tz, )] — A(r)z — f (u).

Since 1 is a simple characteristic multiplier of (3.3), it follows that 4 is a basis
for the w-periodic solutions of (3.3) and there is an w-periodic row vector
which is a basis for the w-periodic solutions of the system adjoint to (3.3).

Also, it can be assumed that J:v |(t)|2 dt =1. We now apply the preceding
theory to determine w-periodic solutions of (3.5). For any 4 in 2,,, let

() = [ ptome) .

From Section 2, for any A in 2, , we know that the equation

dz

7 = AT)z+ h(r) — y(R)'(7)

has a unique solution .#h in 2, such that fow %' (t)Ah(t)dt =0 and
M: Py — Py is a continuous linear operator. Let &F: 2, — 2, be defined by

Fe=MC(, 2 ¢, B).

In the usual way, one shows there are ¢ >0, 81 >0, 8; > 0 such that & is
uniformly contracting on 2y(0 ) ={zin P,: |2|| < 61}. Therefore, # has a
unique fixed point z*(g, B) which is continuous in ¢, 8 and continuously
differentiable in B. Also 2*(0, 0) = 0. This fixed point z*(e, B) is a solution of
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the relation

d
(3.6) d_i — A(m)z+ G(r, 2, &, B) — Ble, B)Y'(7),

B(g, B) = y(G(1, 2*(¢, B), &, B)).

The function B(e, B) is continuous in ¢, B and satisfies B(0, 0) = 0. Also, since
z*(g, B) is continuously differentiable with respect to B, it follows that
B(e, B) is continuously differentiable with respect to §. Furthermore, one can

conclude that dB(e, B)/0B = J:’ P(r)i(r) dr for ¢ =0, B = 0. This last integral
must be different from zero for otherwise the equation

% — Ayt it

dr
would have a solution in 2, . This is impossible since this equation always has
the solution 2(7) = (). Since B(0, 0) =0 and &B(0, 0)/08 # 0, the implicit
function theorem implies the existence of a B = B(¢) such that B(e, B(c)) =0
for |¢| < €. Thus, the function z*(e, B(¢)) is an w-periodic solution of (8.1)
and the theorem is proved.

VIII4. Remarks and Suggestions for Further Study

Poincaré [2], in his famous treatise on celestial mechanics, was the
first to describe a systematic method for the determination of periodic
solutions of differential equations containing a small parameter. In 1940,
Cesari [3] gave a method for determining characteristic exponents for linear
periodic systems which is in the spirit of the presentation given in this
chapter although different in detail. The method of Cesari was extended by
Hale [1] and Gambill and Hale [1] to apply to periodic solutions of nonlinear
differential equations with small parameters. Further modifications of this
basic method by Cesari [3] and [5] led to the presentation given in this
chapter. Concurrent with this development, Friedrichs [1], Lewis [1] and
Bass [1, 2] gave methods which are very closely related to the above.

Exercise 1.3 is due to Reuter [1]; Exercises 1.5 and 1.6 to Hale [6];
Exercise 1.15 to Hale [7]; Exercise 1.17 to Bailey and Cesari [1]. The Hopf
bifurcation theorem was first stated by Hopf [1] although the phenomena was
known to mary people (see, for example, Poincaré: [2], Minorsky [1], [2]).
For a recent book on Hopf bifurcation, see Marsden and MacCracken [1]. The
result is also known for equations with delays (see Hale [10]). Exercises 1.22
through 1.27 are in the spirit of bifurcation problems discussed from the general
point of view. An extensive literature is available (see, for example, Andronov,
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Leontovich, Gordon and Maier [1], Sotomayor [1], Newhouse [1]). Except
for notational changes, Lemma 2.3 is due to Lewis [1]. A less general form of
property (E) of Section 2 is given by Hale [7]. Theorem 2.3 was stated by
Lewis in [1]. Exercises 2.7 and 2.8 are special cases of results by Hale [2].
Exercise 2.9 is due to Lyapunov [1] for analytic systems. Exercise 2.10 is due
to Bogoliubov and Sadovnikov [1] while Exercises 2.11 and 2.12 to Golomb
[1]. The treatment of Duffing’s equation in Section 2 follows Hale and Rodrigues
[1]. For the case where damping is also considered, see Hale and Rodrigues
[2]. The discussion of periodic solutions near a periodic orbit in Section 2
follows Hale and Taboas [1] (see also Loud [2]). For the case where hypothesis
(H;) is violated, see Hale and Taboas [2]. For an abstract version of this
problem, see Hale [11].

An interesting extension of the idea of periodicity as well as property (E)
is contained in the theory of autosynartetic solutions of differential equations
of Lewis [2]. For small perturbations of nonlinear second order equations see
Loud [1].



CHAPTER IX
Alternative Problems for the Solution of

Functional Equations

To motivate the discussion in this chapter, let us interpret the procedure
of the previous chapter in a more general setting. Let 21 be the Banach
space of T-periodic n-vector functions with the supremum norm; let 4 be an
n X n matrix whose columns are in 27; let L be the linear operator defined
on continuously differentiable functions in 27 by (Lz)(t) = Z(t) — A(t)z(t);
let N: 21— P be defined by (Nz)(t) = &f (¢, z(t)) where f is a continuously
differentiable function of z and T'-periodic in ¢. The problem of finding a
solution of the differential equation

T — A(t)yx = f (L, x)

in 27 is then equivalent to finding an z in 2 which is in the domain of L
such that Lzr= Nz. With P,Q, X defined as in relation (VIII.2.5) and
Lemma VIII.2.1, the Lemma VIIT.2.2 asserts that the equation Lz = Nz
is equivalent to the equations

1) (a) z=Pzx+ A (I —Q)Nz
(b) @QNz=0.

Equations (1) have a distinct advantage over the original differential equation.
In fact, for N “small” and a fixed x¢ with Px¢= z¢, one can determine a
solution z*(z¢) of (1a) such that Px*(x¢) = z¢. The existence of a solution
of Lz = Nz is then equivalent to the determination of an zy such that
QNz*(xg) = 0. We have referred to the equations for zo as the determining
or bifurcation equations, but, more appropriately, we are going to say that
these equations represent an alternative problem for Lz = Nz.

It is the purpose of this chapter to determine larger classes of equations
which are equivalent to Lz = Nz for z in a Banach space and then specify
alternative problems when N is not necessarily small. This general approach
is taken because the ideas are applicable to problems in fields other than

298
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ordinary differential equations; for example, integral equations, functional
differential equations and partial differential equations. However, our
applications are confined to ordinary differential equations.

IX.1. Equivalent Equations

If X, Z are Banach spaces and B is an operator which takes a subset
of X into Z, we let 9(B), #(B), A (B) denote the domain, range and null
space respectively of B. If E is a projection operator defined on a Banach
space Z we denote Z(E) by Zg and Zg will always denote a subspace which
is obtained through a projection operator E in this way. The symbol I will
denote the identity. If L: 9(L) « X — Z is a linear operator, then K is said
to be a bounded right inverse of L if K is a bounded linear operator taking
R(L) onto P(L) and LKz =z for z in #(L).

Let X, Z be Banach spaces; let N: X — Z be an operator which may be
linear or nonlinear; let L: 2(L) < X — Z be a linear operator which may have
a nontrivial null space and may have range deficient in Z.

Lemma 1.1.  Suppose A#(L) and %£(L) admit projections, A" (L) = Xp,
R(L) = Z1-¢ and suppose L has a bounded right inverse X with PK =0.
The equation

(1.1) Lx= Nx
is equivalent to the equations
(1.2) (a) = Pxr+ K(I —Q)Nx,
(b) @Nz=0. p

Proor. Equation (1.1) is clearly equivalent to the equations

(1.3) (a) (I —@Q)(Lx — Nz)=0,
(b) @Q(Lxz — Nx)=0.

Since LX = (I —@Q)Z and @ is a projection, QL = 0. Therefore, (1.3b) is
equivalent to (1.2b) and (1.3a) is equivalent to Lz = (I —@Q)N=z. Since
(I —@)Nz belongs to the range of L and K is a bounded right inverse of L,
this latter equation is equivalent to z =9+ K(I —@Q)Nx where zp is in
N (L). But, PK =0 implies 9 = Px and the lemma is proved.

The condition PK =0 in Lemma 1.1 is no restriction. In fact, if M is
any bounded right inverse of L, then K cl=ef(I — P)M is also a bounded right
inverse and PK =0.

Even with these few elementary remarks, one is in a position to state
some alternative problems for (1.1). More specifically, if N were small
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enough in some sphere so that the contraction principle is applicable to
(1.2a) with Pz = x¢ fixed, then (1.2a) can be solved for an z*(xy) and an
alternative problem for (1.1) is QNz*(xo) = 0.

In other words, one can fix an arbitrary element z¢ of A (L), solve
(1.2a) for 2*(x¢) and try to determine zg so that (1.2b) is satisfied. The alter-
native problem has the same ‘““ dimension’’ as the null space of L. In many
cases, this dimension is finite whereas the original equation Lz = Nz is
infinite dimensional. This result will be stated precisely in the next section,
but now we want to obtain other sets of equations which are equivalent to
(1.1) and at the same time permit the discussion of cases when N is not small.
The idea is quite simple. If one wishes to apply the contraction principle to
(1.2a), then K(I — Q)N must be small in some sense. However, if N is large
on the whole space, then one should be able to make the product small by
choosing the projection operator @ so that fewer values of z are being con-
sidered. This is the idea which now will be made precise.

The accompanying Fig. 1 is useful in visualizing the next lemma.

Zy1-@

Figure IX.1.1

Lemma 1.2. Suppose P, @, K are as in Lemma 1.1 and let S be any
projection operator on X such that Xgc #(K), SP=0. The following
conclusions are then valid:

(i) P = P48 is a projection operator.

(ii) The preimage in Zs_q¢ under K of Xg, X;—pn P(L) induces a
projection J: Zr_q—>Z1q. If Xs=KZjq-q), let I — Q = —=J)I —@Q).
Then §: Z - Z is a projection and X;-pn D(L) = K(Z1-§).
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(iii) For any z in 9(L),
(1.4) x =K —Q)Lx + Pxz.
(iv) QL= LP.

Proor. (i) Since #(S) = Z(K) and PK =0 it follows that PS=0.
A direct computation now shows that P = P 4§ is a projection.

(i) K is a one-to-one map of Z;_g onto X;_p N P(L) since Kz; = Kzp
implies K(z1 —22)=0 and 0= LK(23 —2) =23 —23. If Z;, Zy are the
primages under K of X5, X7 p n D(L), respectively, then Z; n Zy = {0}
and Zy q=21® Z2.If 2 € Z3, 2 —>2 a8 n — o0, then Kz, —> Kz as n—> o0
since K is continuous. Furthermore, there are z, € X;-p N @(L)and xz € 9(L)
such that Kz, =2x,, Kz=2x. Since z, >z and X; p is closed, we have
zeX; p. Thusz e X7 p n D(L) and Z; is closed. In the same way or using
the fact that X is closed and K is continuous, one sees that Z; is closed.
Therefore, a projection J is induced on Z;_¢q. If we let Xg= KZ;(-g) and
I—-@=(I—J)I —@Q) and use the fact that (I —Q)(I —J)= (I —J), it is
it is clear that I — @ is a projection. Since X 5= KZ (g, it is also obvious
that X1 p " D(L)=KZ; 3.

(ili) Forany zin @(L), x = K Lz + Pz. Since § is a projection operator,

(1.5) z=K(I —@Q)Lx + K§Lx + Px.

From property (ii), K(I —Q)Lx belongs to X s since X;_p < X1_s5. Also,
a direct computation shows that @I —Q)=J( —@) and, therefore,
KQ@QLx = KQ(I — Q) Lx belongs to Xs. Operating on (1.5) with § and using
the fact that SP =0, we obtain Sz =SKQLx= KJLx. Since P=P + 8,
this proves relation (iii).

(iv) Applying L to (1.4) and using the fact that K is a right inverse for
L, we have Lz = (I — )Lz 4 LPzx. Therefore, property (iv) is satisfied.

This completes the proof of the lemma.

Lemma 1.3. Suppose X, Z are Banach spaces, L: X(L)c X > Z is a
linear operator with %(L), A" (L) admitting projections by I —@, P, re-
spectively, L has a bounded right inverse K, PK =0, and P, are the
operators defined in Lemma 1.2. For any operator N: X — Z, the equation
Lz — Nz = 0 has a solution if and only if

(1.6) (a) z= Pxr+ K(I —{)Nz,
(b) @(Lx — Nz) =0.
Proor. With P, as in Lemma 1.2, the equation Lr — Nz =0 is

equivalent to the equations @(Lx —Nz)=0, (I —@)(Lx —Nx)=0. If
(I —@)(Lx — Nx) =0, then relation (1.4) implies that K(I —@)Nz=
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K(I —Q)Lx= (I — P)r and, thus, (1.6a) is satisfied. If Lz — Nz =0,
then (1.6b) is automatically satisfied. Conversely, if (1.6a) is satisfied, then
L(I — Pyr = (I — @)Nz. Since relation (iv) of Lemma 1.2 is satisfied, this
implies (I —@)(Lx — Nx) =0. If (1.6b) is also satisfied, then Lr — Nz =0.
This proves the lemma.

IX.2. A Generalization

As we have seen in Lemma 1.3, the geometric Lemma 1.3 permits the
establishment of many sets of equations which are equivalent to equation
(1.1). Some assumptions on the linear operator L were imposed in order to
obtain these results. However, once the basic relations between the operators
P, § are obtained, one can give an abstract formulation of the basic processes
involved. To do this, let X, Z be Banach spaces; let N: 2(N)c=c X > Z
be an operator which may be linear or nonlinear; let L: 2(L) c X —Z be a
linear operator and let ¥ = L — N. A solution of Fz = 0 will be required to
belong to 2(L) n 2(N). The following hypotheses are made:

Hy: There are projection operators P: X — X, @: Z — Z such that JL = LP.
Hjy: There is a linear map K: Z;_g— X _p such that
(i) KU —@)Lx= (I — P)x, xin 9(L),
(ii) LK(I —@)Nz= (I — )Nz, zin D(N).
Hs: All fixed points of the operator A= P 4 K(I —@)N belong to
2(L) n D(N).

For the operators L, N satisfying the hypotheses of Lemma 1.3, it was
demonstrated that the hypotheses Hy-Hj can be satisfied by a large class of
operators P, . In fact, hypothesis H; is just relation (iv) of Lemma 1.2
and the operators P, @ depend upon a rather arbitrary subspace of X.
Hypothesis Hy (ii) corresponds to the existence of a right inverse of L.
Hypothesis Hp (i) is relation (1.4) of Lemma 1.2. Hypotheses Hs was auto-
matically satisfied for the particular P, §J constructed and the bounded right
inverse considered. If L, N are. as specified above and K, P, § exist so that
H,-Hs are satisfied, then it is not true that P, § can be obtained by the con-
struction of Lemma 1.2. In fact, in that construction it was assumed that L
had a bounded right inverse and #(L), A" (L) admitted projections. There is
no way to deduce these properties from H;-Hg. Of course, in the applications,
Lemma 1.2 is a rather natural way to obtain P, .

Lemma 2.1. If hypotheses H;i-Hgs are satisfied, then the equation
Fz =0 has a solution z in 2(L) n 2(N) if and only if
2.1) (@) z=A2% Pz K(I —Q)Nx,
(b) @Fx=0.
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ProoF. The relation Fx =0 implies §Fz =0, (I —{)Fx=0. There-
fore, (I —{)Lx = (I — )Nz and hypothesis H (i) implies
K(I —@)Nx=K(I —Q)Lx = (I — P)a.

Thus, = Az. Conversely, suppose (2.1) is satisfied. If x = Az, then
(I — P)x = K(I —@)Nz. Hypothesis Hj implies z in 2(L) N 2(N) and H, (ii)
implies that

L(I — P)yz = LK(I — )Nz = (I —{)Na.

But this fact together with H, implies that (I —@)Fz = 0. By hypothesis,
@Fz =0 and the lemma is proved.

IX.3. Alternative Problems
In addition to the hypotheses H;-H3 imposed on the operators B, g,
K, L, N of the previous section, we also suppose 2(N) = X and

H,4: There exist a constant p and a continuous nondecreasing function
a(p), 0 < p < oo such that

|K(I —Q)Nxy — K(I —Q)Nas| < alp)|s — |,
|KE(I —@Q)Naa| < alp)lan| + . for [z, ] <p.
For any positive constants ¢, d with ¢ <d, let
(3.1) (a) V(c)={zin Xp: |z| < c}.
(b) L& c,d)={zin X: Px=23, &in V(c), |z| £ d}.
where # is a fixed element of V(c).

THEOREM 3.1. Suppose 9(N) =X, V(c), L(&, ¢, d), c <d, are defined
by (3.1), the hypotheses H,-H3 of the previous section and hypothesis Hy
above are satisfied with «(d) <1, a(d)d <d —c — u. Then there exists a
unique continuous function @: V(c)—>X, G% in (&, c,d) such that GF
satisfies the equation

(3.2) z=A2% Pz + K(I —Q)Nx.
If there is an & in V(c) such that
(3.3) QFGQz =0,

then FGZ=0. Conversely, if there is an z such that Fr=0, |z| <d,
| Pz| < ¢, then x = GPx and & = Pz is a solution of (3.3).
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Proor. For any Z in V(c) and z in X, let H(z, &) =% + K(I —§)Nz.
For any z in & (%, ¢, d), PH(x, %) = &,

B, 3| < o+ a] + p < o+ old) d+ p <d,
and
|H(x1, &) — H(xz, &)| £ a(d)|z1 — z2|.

Therefore, H(-, £): &(&, ¢, d)—> F(&, c,d) is a contraction and there is a
unique fixed point G& of H(-, &) in £ (&, ¢, d). The function G is obviously
continuous and satisfies (3.2) since & = Pz. If # satisfies (3.3), then Lemma, 2.1
implies that FGZ =0. )

Conversely, if z is a solution of Fz=0, = Pz, |z| <d, |# < ¢, then
Lemma 2.1 implies that z = Az and  Fz = 0. But the proof of the first part
of the lemma showed that A had a unique fixed point with Pz = &. Therefore,
the solution 2 of Fx =0 must satisfy x = GZ, &= Pz. Since z must also
satisfy Fx =0, it follows that % satisfies (3.3). This completes the proof of
the theorem.

In the sense of Theorem 3.1, finding a solution & in V(c) of (3.3) is
equivalent to finding a solution of equation (1.1} with |z| <d, |Px| Ze.
Therefore, we refer to equation (3.3) as an alternative problem for equation
(1.1).

IX.4. Alternative Problems for Periodic Solutions

In this section, we go into some detail on the construction and more
detailed meaning of alternative problems in connection with the existence
of periodic solutions of ordinary differential equations.

Suppose g: (—o0, 00) X C*—Cn is continuous, g(¢, u) is locally lip-
schitzian in u, ¢(t, u) = g(t + 2w, u) for all ¢t € (— o0, 00), u € C*. Our problem
is the determination of 27-periodic solutions of the equation

4.1) %= g(t, u).

Let us reformulate this problem in terms of our previous notation.

Let Y be the Banach space of continuous functions taking [0, 27] into
Cm with the uniform norm and let B: 2(B) = Y — Y be the linear operator
whose domain 2(B) ={y € Y such that y € Y} and By(t) =y(t), 0 <t < 2,
for ye 9(B). Let M: Y — Y be the operator defined by (My)(t) = g(t, y(t)),
0Zt<2m yeY; I': Y—>Cn be the bounded linear operator defined by
I'y = y(0) — y(27), y € Y. Finding a 27-periodic solution of (4.1)i s now equi-
valent to solving the boundary value problem

4.2) By = My,
I'y=o0, yeY.
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If X = A (') and L, N are the restrictions of B, M to X, then the boundary
value problem (4.2) is equivalent to finding a solution of the equation

(4.3) Lx = Nz, zeX.
Let P: X — X be the projection operator defined by

1 27
4.4) Py= fo x(t) dt;

that is, Pz is the mean value of the 2z-periodic function z in X. With this
notation, A'(L) = Xp={all constant functions in X}, #(L)= X;_p={all
27-periodic functions with mean value zero}. Therefore, the operator @
in Section 1 is P. If ze X;_p, then the equation Lax(t)= z(t)=2(f)
has a solution in X and a unique solution with mean value zero which
depends continuously upon z. If we designate this solution by Kz, then
K: X1 p—~> X1 p, PK=0,and K is a bounded right inverse of L.
Any z in X has a Fourier series

-] 1 2n
4. ~ ikt =— | ethtx(t) dt.
(4.5) z k=zwake o =5~ '[o e—tkix(t)
For any given integer m >0, let Sp: X — X be defined by
Smx= Y agekt,
o<|kl<m

One easily checks that S, is a projection operator and Lemma 1.2 implies
P, @p of that lemma are given by Pp, = P48y, @n= P,. Equation
(4.3) is then equivalent to the equations

(4.6) (8) z=Ppx+4 K(I — Py)Ng,
(b) Pu(Lz — Nx)=0,

for every integer m > 0.
From the definitions of Py, K and the form of z in (4.5),

K(I — Pm)z(t) = 2 gie,
k[>m ¥
Recall that Parseval’s relation implies that J.:" le(t)|2dt =Y 2 _ ., |ak|2. Since

(o) (2.2)

k| >m k| >m

< ( f:ﬂlx(t)P dt) * (Ikly;m %) *
<enn( 5 2) K

|k >m

ak

k

k| >m

&y (m)|,
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it follows that the Fourier series for K(I — P,,)x(t) is absolutely convergent
and

|K(I — Pm)a| < y(m)|=]

or all z € X. Note that y(m) —0 as m — oo since the series ) x k=2 < c0.

Since g(t, ) is assumed to be locally lipschitzian in u, there is a constant
»>0 and a continuous nondecreasing function B(p), 0 < p <o, such that
Nzx(t) = g(t, (t)) satisfies

|Nzy — Naz| < Blp)lar — ]

|Na1| < Blp)|2a| + v
for all |z1] < p, |22| < p.
For any constant d > 0 and any m, it follows that

|K(I — Pp)(Nzy — Nag)| < y(m)B(d)|x1 — |
|K(I — Pm)Nay| < y(m)B(d)|z1| + y(m)v

for all |z1| <d, |z3| <d. Suppose 0 <c¢ <d are arbitrary constants and m
is chosen so large that

ympd) <1,  ym)B(d)d+ ymy <d—c

The operator A defined by (3.2) is then a contraction mapping of the set
(%, ¢, d) in (3.1) into itself. This implies that the equation

(4.7 z=F+ K(I — Pp)Nz

has a solution GZ for every Z € {z in Xp_: |x| <c}. An alternative problem
for (4.1) is then the equation

(4.8) Ppu(L—N)Gz=0.

In words, the existence of this alternative problem implies the following.
If (4.1) is to have a 2n-periodic solution u, then all of the Fourier coefficients
of the function v(t) = w%(t) — g(¢, «(t)) must be zero. Let

u(t) = um() + ui(t),

um(t) = Y. apei®,
lkf<m

uh(t)= Y ageirt.
|k >m

The above remarks imply there is always an integer m such that one can
fix £=1u, and determine GZ% = u¥(up,) in such a way that the Fourier
series for () contains only the harmonics ef*?, |k| < m (this is the meaning
of the solution G% of (4.6a)). The alternative problem then involves the
determination of u(t) in such a way that the remaining Fourier coefficients
of v(t) vanish.
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There are two serious questions remaining concerning the determination
of periodic solutions of (4.1) by this method. First, the size of the finite
dimensional problem cannot be determined a priori but involves very careful
estimates of the norm of the operator K(I — Py,). Also, the finite dimensional
problem (4.8) involves a function G' which is only implicitly known and
trying to assert the actual existence of an Z is extremely difficult.

In fact, one cannot hope to solve (4.7) directly, but must use some
approximation scheme. Let us write G =%+ § where 7 is in (I — Pp)X
and is given by § = K(I — P,,)NG%. It is impossible to determine #, but if
the existence of G% is proved by the contraction principle, then one has
obtained a priori estimates on 7 as

4.9) |7 < 8m.,

for some constant 8, . The alternative problem (4.8) will certainly have a
solution if one can show that the equation

(4.10) Pu(L—N)E+§) =0

has a solution & for every given § which satisfies the bounds (4.9). To show
this latter property, one would naturally look first at the approximate
equation obtained by setting ¥ = 0; namely,

(4.11) Bu(L—N)z=0.

Equation (4.11)'is the mt® Galerkin approximation for the solution of Lz = Nz.
Methods for the determination of explicit solutions of (4.11) and for showing
that (4.10) has a solution for every § satisfying (4.9) would take us too far
afield. The interested reader may consult the references for the practical
applicability of this method.

IX.5. The Perron-Lettenmeyer Theorem

In this section, we illustrate how the techniques of Sections 1 and 3 can
be used to give a proof of a theorem of Perron and Lettenmeyer concerning
the number of analytic solutions of a system of linear differential equations
of the form

(5.1) 1025 = Ny(t)z, i=12 ...,

where z = col(x;, ..;,xn), N;=row(Nj, ..., Nsu), the Nji(t) are analytic
for |t| £ 8, >0, and each oyis a nonnegative integer.

TreorEM 5.1. If p=n —Y7_,0; 2 0, then there are at least u linearly
independent solutions of (5.1) which are analytic for || < &.
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ProoF. Let & be the set of all scalar functions which are analytic for
[t] £ 8. If bis in B, then b(t) =) _obmt™ and we define [b] = > _|bm|S™.
The function | -| is a norm on # and £ is a Banach space. For any nonnegative
integer o, let Iy : 8 — % be the linear operator defined by

(5.2) 15 b(t) = todb(t)/dt.
It is clear that
N (ls) = {constant functions in £},
R(ls) ={cin B : c =1, bin B}.

If the projection operators p, g on & are defined by
o—1
(5.3) pb=by, gsb=) bmi™,
m=0

then p, 1 —gqq are projections onto A (lg), #(ls), respectively. The right
inverse kq of I5 on %(ls) such that pks = 0 is given by

(5.4) koll — go)b(t) = 3 %*_iltmﬂ,

m=0

and |kg(1 — go)b| < 81-9|(1 — go)b|. This proves kg is continuous.

Let X be the Banach space which is the cross product of » copies of #
with |z|x = max; |2j|g, *=col(zy, ..., Zs), 2; in B. We write |z| for |z|x
since no confusion will arise. Let oy, ..., o, be the nonnegative integers in
(6.1), 0 = (o1, . . ., on) and define operators Lqs, P, Q¢, K5, N by

(5.5) Lsx=col(lg 1, ..., lo, Zn),
Pz = col(pzy, ..., pza),
Qox = col(gs, 71, .. ., 95, %n),
Ksx=col(ks, 21, ..., kg, 7s),
Nz =col(Niz, ..., N,z),

where the I, are defined by (5.2), the p, g5, by (5.3), ks, by (5.4), and N;=
in (5.1). Equation (5.1) may now be written as

(5.6) Lex = Nz, zin X,
and from Lemma 1.1 is equivalent to the linear equations
(6.7 = Pr+4 K4 —Qs)Nr,

Qs Nx=0, zin X.

If the linear operator K4(I —Qq)N were a contraction operator, then one
could fix a constant n-vector x¢ and determine a unique solution z* = x*(z),
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Px* =2, of the equation x = x4+ K4(I — Qg)Nzx. Equations (5.7) would
then have a solution if and only if x¢ satisfied the equations Qs Na*(xo) = 0.
It is clear that such an z*(zo) is linear in z¢. Thus there would be Z?=1°j
homogeneous linear equations for » unknown scalars (the components of z)
and, therefore n —)*_,0; solutions of (5.7). This explains the possible
appearance of p in the statement of the theorem except for the fact that the
operator Kq(I —Qs)N may not be contracting. On the other hand, there is a
natural way to use Lemma 1.2 to circumvent this difficulty.

For any given nonnegative integer r, let P = P,;; be the projection
operator on X which takes each component of z in X into the polynomial
of degree r consisting of the first (r + 1) terms of its power series expan-
sion. The operator § in Lemma 1.2 is easily seen to be Q6,7+ o =
col(r + a1, ..., r+ o). Thus, Lemma 1.3 implies that (5.6) is equivalent to
the equations

(5.8) z= Pryaz + Ko(l —Qri0)Na,
Qf+g(Lg — N)x =0.

Furthermore from the definition of Ky, it follows immediately that there is
a B >0 independent of r such that |Ke¢(I — Qrig)Nz| < B|z|/(r + 1) for all
z in X. Consequently, the operator K(I —Qr+4)N is contracting for r suffi-
ciently large. Finally, fixing an n-vector polynomial f () of degree r, one can
determine a unique solution z* = z*(f) of x = f + K4(I — Qr+s)Nx which is
linear and continuous in f. Therefore, the equations (5.8) have a solution if
and only if f satisfies Qr+o(Ls — N)a*(f) = 0. These represent nr Y '7_, o;
homogeneous linear equations for the n(r 4 1) coefficients of the polynomial f.
Therefore there are always pu=mn—) 7, 0; solutions. This proves the
theorem.

If all o; — 1 in (5.1), the equation is said to have a regular singular point
at ¢t = 0. In this case, the above theorem says nothing.

XI.6. Remarks and Suggestions for Further Study

For the éase in which P=P,§=Q and N in (1.1) is small and has a
small lipschitz constant, Theorem 3.1 has appeared either explicitly or
implicitly in many papers; in particular, Cesari [5, 6], Cronin [1], Bartle [1],
Graves [1], Nirenberg [1], Vainberg and Tregonin [1], Antosiewicz [1].
However, Cesari [5, 6] injected a significant new idea when he observed that
finite dimensional alternative problems could always be associated with
certain types of equations (1.1) even when the nonlinearities N are not small.
The construction of P, § given in Section 1 follows Bancroft, Hale and
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Sweet [1] and was motivated by Cesari [6]. The abstract formulation in
Section 2 was independently discovered by Locker [1] proceeding along the
lines of Section 4.

Cesari has applied the methods of Section 4 to prove in [5] the existence
and bound of a 27-periodic solution of

423 =sint

by using the second Galerkin approximation xz=asint- bsin 3¢ and to
show in [6] that the boundary value problem

Etztaxd=pt, O0Zt=Z]1,
z(0)=0,  x(1)+4(1)=0,

has a solution by using the first Galerkin approximation. Borges [1] has
applied the same process to obtain the existence and bounds for periodic
solutions of nonlinear (periodic or autonomous) second order differential
equations by using only the first Galerkin procedure. Knobloch [1, 2] has
also used the method for existence of periodic solutions of second order
equations. The papers of Urabe [2] discuss similar procedures for multipoint
boundary value problems. Williams [1] has discovered interesting connections
between Section 4 and the Leray-Schauder degree when the alternative
problem is finite dimensional.

When N is small enough to make K(I —@)N a contraction operator on
some subset of the basic space X, Theorem 3.1 is applicable to hyperbolic
partial differential equations; see Cesari [7], Hale [9], Rabinowitz [1],
Hall [1]. Cesari [8] has also obtained results for elliptic partial differential
equations. For applications to functional differential equations, see Perelld
[1, 2] and to integral equations, see Vainberg and Tregonin [1].

The idea for the proof of the Perron-Lettenmeyer Theorem of Section 5
was communicated to the author by Sibuya. Amplifications of this idea
appear in Harris, Sibuya and Weinberg [1]. A paper which is not unrelated
to the approach of this chapter is the paper of McGarvey [1] on asymptotic
solutions of linear equations with periodic coefficients.



CHAPTER X
The Direct Method of Liapunov

In the previous chapters, we have repeatedly asserted the stability of
certain solutions or sets of solutions of a differential equation. The proofs of
these results in most cases were based upon an application of the variation of
constants formula, and, as a consequence, the analysis was confined to a
small neighborhood of the solution or set under discussion. In his famous
memoir, Liapunov gave some very simple geometric theorems (generally
referred to as the direct method of Liapunov) for deciding the stability or
instability of an equilibrium point of a differential equation. The idea is a
generalization of the concept of energy and its power and usefulness lie in the
fact that the decision is made by investigating the differential equation itself
and not by finding solutions of the differential equation. These basic ideas
of Liapunov have been exploited extensively with many books in the refer-
ences being devoted entirely to this subject. The purpose of the present
chapter is to give an introduction to some of the fundamental ideas and
problems in this field. There is also one section devoted to a generalization
known as the principle of Wazewski.

X.1. Sufficient Conditions for Stability and Instability in Autonomous Systems

Let Q = R™ be an open set in B” with 0 in Q. A scalar function V(z), x in
Q, is positive semidefinite on Q if it is continuous on Q and V(z) =2 0, xin Q. A
scalar function V(z) is positive definite on Q if it is positive semidefinite,
V(0)=0, V() >0, x#0. A scalar function V(x) is negative semidefinite
(negative deﬁﬁite) on Q if —V(x) is positive semidefinite (positive definite)
on Q.

The function V(z1, z2) = 22 + 22 is positive definite on R2, V(zy, 22) =
x? + x% — 3 is positive definite on a sufficiently small strip about the 2;-axis,
V(x1, x2) = xZ + 2%](1 4 1) is positive definite on R2. In each of these cases,
there is a co > 0 such that {(z;, z2): V (1, x2) = ¢} is a closed curve for every
nonnegative constant ¢ < ¢o. Near (21, 22) = (0, 0), each of these functions
have the qualitative properties depicted in Fig. 1.1. Any positive definite
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function in R has some of these same qualitative properties, but a pnemse
characterization of the level curves of ¥ has not yet been solved. Howuever
the following lemma holds.

Lemma 1.1. If V is positive definite on €, then there is a neighborhood
U of =0 and a constant ¢co >0 such that any continuous curve from the
origin to 8U must intersect the set {x: V(x) = ¢} provided that 0 < ¢ < co.

Proor. Let U be a bounded open neighborhood of 0 in U with U < Q.
If

l=min, ;, .5 V(x),

then I > 0. Since V(0)=0, V(z) = ! for z in oU, and V is continuous, it
follows that the function V(x) must take on all values between 0 and / along
any continuous curve going from 0 to oU.

Lemma 1.2. If V(z) = Vp(x) + W(x) where W(x) = o(|z|?) as |x| -0 is
continuous and ¥V is a positive definite homogeneous polynomial of degree p,
then V(z) is positive definite in a neighborhood of x = 0.

Proor. If min gz -1 Vp(x) =k, then k& > 0. Therefore

V() = |2|?V (2] |2|) = k|z|?

for  #0. For any & >0, there is a §(¢) >0 such that |W(x)| < ¢|z|? for
|| < 8(e). If € = k/[2, then

V@) 2 Volo) | Wie) 2 kel — (5) el = (5)lel>

if 0 <|z| < 8(k/2). This proves the lemma.

Lemma 1.3. Suppose Vp(x) is a homogeneous polynomial of degree p. If
p is odd, then ¥V, cannot be sign definite.

Proor. Ifz=(21, ..., Zu), 21 #0, let x = zu. Then Vy(x) =2V p(u).
For a given value of u for which V,(u) # 0, say positive, the function V()
has the sign of #?. If p is odd, this implies ¥ ,(x) must change sign in every
neighborhood of z = 0.

General criteria for determining the positive definiteness of an arbitrary
homogeneous polynomial of degree p are not known, but for p =2, we have

LemMa 1.4. (Sylvester). The quadratic form z’Az =37 ,_, a;z;z;,
A’ = A, is positive-definite if and only if

det(as,t,j=1,2,...,8) >0, s=1,2,...,mn.

A proof of this lemma may be found in Bellman [2].
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Consider the differential equation
(1.1) z=f(),
where f: R® — R® is continuous and satisfies enough smoothness conditions
to ensure that a solution of (1.1) exists through any point, is unique and
depends continuously upon the initial data.

For any scalar function V defined and continuous together with oV [ox
on an open set Q of B», we define V=V 1 as

oV (x)
o @),

If 2(t) is a solution of (1.1), then dV(x(t))/dt = V(x(t)); that is, V is the deriva-
tive of V along the solutions of (1.1). Notice that V can be computed directly
from f(z) and, therefore, involves no integrations.

The theory below also remains valid for scalar functions V defined and
only continuous on an open set Q of R# provided that V is given as

(1.2) V(x)=

— 1
V(£) = lim 5 V@, ) — V()]
h->0*

where x(h, £) is the solution of (1.1) with initial value £ at h = 0. If V is locally
lipschitz continuous, then this latter definition can be shown to be equivalent
to

— 1
V(§) = lim 5 V€ + R (€) — V(O]
h->0+

In the applications, it is sometimes necessary to consider functions ¥ (x) which
do not have continuous first partial derivatives at all points . On the other
hand, the functions V(x) are usually piecewise smooth with the sets of dis-
continuities in the derivatives of ¥ occurring on surfaces of lower dimension
than the basic space R7.

Since the proofs of the theorems below do not use the differentiability of
V, they are stated without this hypothesis. However. in the majority of the
applications, V will be given by (1.2).

TreorEM 1.1.  If there is a continuous positive definite function ¥(z) on
Q with ¥V < 0,then x = 0 is a solution of (1.1) and it is stable. If, in addition, ¥
is negative definite on Q, then the solution x = 0 is asymptotically stable.

Proor. Let B(r) be the ball in R? of radius r with center at the origin.
There is an 7 >0 such that B(r) = Q. For 0 <& <r, 0 <k =min|z|-V().
Suppose that 0 < 8 < ¢ is such that V(z) <k for |z| < 8. Such a & always
exist since ¥(0) =0 and V is continuous. If zo is in B(S), then the solution
2(t) of (1.1) with z(0)==o is in B(e) for ¢t = 0 since V(x(f)) <0 implies
V(x(t)) < V(x0), t = 0. This proves x = 0 is a solution and it is stable.



314 ORDINARY DIFFERENTIAL EQUATIONS

V(x1, x9) = c2

V(xl: xz) =c2
%V(xl, x)=q Vix1, x) =1

- .
N/

x2

x1

Figure X.1.1

Since = 0 is stable, there is a b9 > 0, H > 0, such that the solution z(t)
exists and satisfies |x(f)] < H for ¢ > 0 provided that |2o| < bo. Also, for any
€ >0, there is a 8(¢) >0 such that |z(t)] <& for ¢ 2 0, |zo| < 8(¢). To prove
asymptotic stability, it is sufficient to show there is a 7 >0 such that
|2(t)] < &(e) for ¢ = T, |xo| <bo. Suppose there is an xp with |z¢| <bo and
|z(t)] = 8(e) for t = 0. If y > 0 is such that V(z(t)) < —y for 8(e) S x < H,t =
0, then

V(x(2)) < V(zo) —yt.

If B >0, k satisfy 0 <B < V(x) < k for 8(e) g[x'< H, choose T = (k — B)/[y-
For t > T, V(x(t)) <PB. Thus, there must exist a fp, 0 <to<T such that
|z(to)] < 8(¢). Stability implies |x(t)] <& for ¢ =y and, in particular, for
t > T. This completes the proof of the theorem.

THEOREM 1.2. Suppose x = 0 is an equilibrium point of (1.1) contained
in the closure of an open set U and let Q be a neighborhood of = 0. Suppose
V is a scalar function on € which satisfies:

(i) V, V positive on U n Q\{0}, ¥(0) =0,

(ii) ¥ =0 on that part of the boundary of U inside Q.

Then the solution z =0 of (1.1) is unstable. More specifically, if Qo is any
bounded neighborhood of # =0 with Qo in Q, then any solution with initial
value in (U n Qo)\{0} leaves Qg in finite time.

Proor. Let r > 0 be such that B(r) = Q. For any 0 < s < r, there is an
29 #0in U N B(s) and thus V(z¢) > 0. Since ¥V = 0in U N Q, it follows that
the solution x(#) with x(0) = x, satisfies V(x(#)) > V(xo) >0 for x(¢) in UN Q.
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If « = min{V(x): z in U n Q with V(z) = V(xo)}, then & >0 and
t
V(a(t) = Vizo) + [ V) dt 2 V(wo) + o
0

for all ¢ for which z() remains in U n Q. If Qo is any bounded neighborhood
of x =0 which i§ contained in Q, this implies x(t) reaches 9Qo since V(z) is
bounded on U n Qp. This completes the proof of the theorem.

Theorems 1.1 and 1.2 give an indication of a procedure for determining
stability or instability of the equilibrium point of an autonomous equation
without explicitly solving the equation. On the other hand, there is no general
way for constructing the functions ¥ and the ingenuity of the investigator
must be used to its fullest extent. For linear systems (1.1), the following
lemma is useful. In this lemma, Re A(A) designates the real parts of the
eigenvalues of a matrix 4.

Lemma 1.5. Suppose 4 is a real n-x n matrix. The matrix equation
(1.3) . A'B4+BA=-C

has a positive definite solution B for every positive definite matrix C if and
only if Re A(4) <O.

Proor. Consider the linear differential equation
(1.4) &= Az,
and the scalar function V(x) = 2’ Bx where B is a symmetric matrix.
(1.5) V1.4)(x) = 2'[A’B + BAx.

If there exists a positive definite B such that B satisfies (1.3) with C positive
definite, then Theorem 1.1 implies that all solutions of (1.4) approach zero as
t — co0. Of course, this implies Re A(4) < 0.

Conversely, if Re A(4) <0 and C is a positive definite matrix, define

(1.6) B= fo e4'tCeAt .

The matrix B is well defined since there are positive constants K, « such that
le4t] < Ke—ot, t'> 0. Furthermore, it is clear that B is positive definite. Also,

A'B+ BA = f %(eﬁ'tCeAt)dt
0

= —C.
This proves the lemma.
From the proof of Lemma 1.5, it is clear that we have proved the follow-
ing converse theorem of asymptotic stability for the linear system (1.4).
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LeEMMA 1.6.  If the system (1.4) is asymptotically stable, then there is a
positive definite- quadratic form whose derivative along the solutions of (1.4)
is negative definite.

Let us now apply Lemma 1.5 to the equation
(L.7) Z= Az + f (x)

where f has continuous first derivatives in RB» with f(0) =0, df (0)/ox = 0.
If Re A\(A) <0 then Lemma 1.5 implies there is a positive definite matrix
B such that A’B+ BA = —1I. Let V(x) =a'Bx. Then V = V(3.9 is given by

= —x'x + 22’ Bf (x).

Lemma 1.2 implies that — V is positive definite in a neighborhood of z = 0 and
Theorem 1.1 implies the solution = 0 of (1.7) is asymptotically stable. This
is the same result as obtained in Chapter III using the variation of constants
formula.

If Re A\(4) # Oand an eigenvalue of A has a positive real part, then we can
assume without loss of generality that A = diag(A4-, 4,) where ReX(4-) <0,
Re A(A;) > 0. Let B; be the positive definite solutionof A’ By + Bj4_ = —I
and B3 be the positive definite solution of (—A’, )Bs + Ba(—A4’ ) = —1I which
are guaranteed by Lemma 1.5. If x = (u, v) where u, v have the same dimen-
sions as B;, Bz, respectively, let V(x) = —u'Biju + v'Bav. Then V(z)=
Va.7(x) = x'z + o(|2|2) as |z| —0. Lemma 1.2 implies V(z) is positive definite
in a neighborhood of £ =0. On the other hand, the region U where V is
positive obviously satisfies the conditions of Theorem 1.2. Thus, the solution
=0 of (1.7) is unstable if there is an eigenvalue of 4 with a positive real
part. This result was also obtained in Chapter III using the variation of
constants formula.

The above results are easily generalized. To simplify the presentation,
we say a scalar function V is a Liapunov function on an open set G in R if V is
continuous on G, the closure of @, and V() = [0V (x)/ox]f (x) < O for x in G.
Let

S={rin G: V(x) =0},

and let M be the largest invariant set of (1.1) in S.

TreEOoREM 1.3. If V is a Liapunov function on G and y+(x) is a bounded
orbit of (1.1) which lies in @, then the w-limit set of 4+ belongs to M; that is,
z(t, xg) > M as t — 0.

ProoF. Since y+(x¢) is bounded, V(x(t, xo)) is bounded below for
t=0 and V(z(t, o)) £0 implies V(x(t, %)) is nonincreasing. Therefore,
V(x(¢, o)) —a constant ¢ as ¢ — co and continuity of V implies V(y) = c for
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any y in w(y*). Since w(y*) is invariant, V(x(t, y)) = ¢ for all t and y in w(y*).
Therefore, w(y*) belongs to 8. This proves the theorem.

CororrLaRY 1.1. If V is a Liapunov function on G = {z in B*: V(x) < p}
and G is bounded, then every solution of (1.1) with initial value in G ap-
proaches M as t — co.

CoroLLARY 1.2. If V(x)— o0 as || — 00 and ¥ < 0 on R7, then every
solution of (1.1) is bounded and approaches the largest invariant set M of (1.1)
in the set where V = 0. In particular, if M = {0}, then the solution z =0 is
globally asymptotically stable.

Proor. For any constant p, V is a Liapunov function on the bounded
set G ={z: V(x) < p}. Furthermore, for any o in R” there is a p such that xo
belongs to G. Corollary 1.1 therefore implies the result.

Notice that V <0 in G\{0} implies M ={0} and one obtains from
Theorem 1.3 the asymptotic stability theorem in Theorem 1.1.

THEOREM 1.4. Suppose z = 0 is an equilibrium point of (1.1) contained
in the closure of an open set U and let Q be a neighbcrhood of = 0. Assume
that

(i) V is a Liapunov function on G =U n Q,
(ii) M n @G is either the empty set or zero,
(iii) V(x) <m on G when x #0,
(iv) V(0)=nand V(z) = when x is on that part of the boundary of G
in Q.

Then = = 0 is unstable. More precisely, if o is a bounded neighborhood of
zero with (¢ contained in Q, then any solution with initial value in
(U n Q0)\{0} leaves g in finite time.

Proor. If zg is in (U n Qo)\{0}, then V(zo) <7. Furthermore, ¥ <0
implies V(x(t, x0)) < V(zo) <7 for all t = 0. If z(t, zo) does not leave Qo , then
w(y*(xo)) is not empty and in Qo. As in the previous proof, w(y*(xo)) = M.
Since w(y*(xo)) is nonempty, this implies w(y+(wo)) = {0} and belongs to the
set where V(x) = 7. This contradicts the fact that V(x(t, zo)) < V(x0) <7 and
proves the theorem.

Example 1.1. Consider the van der Pol equation

(1.8) i+ e(x? —1)E+2=0,
and its equivalent Lienard form

xa
(1.9) :i:=y——£(§——x),

Y= —ux.
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In Chapter II, it was shown that this equation has a unique asymptotically
stable limit cycle for every ¢ > 0. The exact location of this cycle in the
(z, y)-plane is extremely difficult to obtain but the above theory allows one
to determine a region near (0, 0) in which the limit cycle cannot lie. Such a
region can be found by determining the stability region of the solution z =0
of (1.8) with ¢ replaced by —¢. This has the same effect as taking ¢ < 0.

Therefore, suppose ¢ <0 and let V(x, y) be the total energy of (1.9); that
is, V(x, y) = (22 4 y?)/2. Then

Viz, y) = —ex? (-';—2 — l)

and V(z,y) £0 if 22 <3. Consider the region G ={(z, y): V(z; y) < 3/2}.
It is clear that G'is bounded and V is a Liapunov function on G. Furthermore,
8 ={(z, y): V=0}={(0, y), y2 < 3}. Also, from (1.9), M = {(0, 0)} and Corol-
lary 1.1 implies every solution starting in the circle 22 4 y2 < 3 approaches
zero as t — co. Finally, the limit cycle of (1.8) for ¢ >0 must be outside this
circle.
Example 1.2. Consider the equation
(1.10) &+ f (@)% + h(z) =0,

where zh(z) >0,  #0, f(x) >0, x #0 and H(x) = f: h(s) ds — o0 as |x| — co.
Equation (1.10) is equivalent to the system
(1.11) =y,

y=—hx) —f(=@)y.

Let V(z, y) be the total energy of the system; that is, V(z, y) = y?/2 + H().
Then V(z, y) = —f (z)y% < 0. For any p, the function V is a Liapunov function
on the bounded set G = {(z, y): V(x,y) <p}. Also, the set S where V =0
belongs to the union of the z-axis and y-axis. From (1.11), this implies M =
{(0, 0)} and Corollary 1.2 implies that x = 0 is globally asymptotically stable.

Exercise 1.1. Use Theorems 1.1 and 1.2 to prove Lemmas V.1.2 and
V.14.

ExEercisk 1.2. Consider the second order system
=y —af(z,y)
y=—z—yf(z,y).
Discuss the stability properties of this system when f has a fixed sign.
ExEercise 1.3. Consider the equation

%+ ax + 2bx + 322 =0, a>0,b>0.
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Determine the maximal region of asymptotic stability of the zero solution
which can be obtained by using the total energy of the system as a Liapunov
function.

ExEercisE 1.4. Consider the system 2 =y, y =2 —ay, 2 = —cx — F(y),
F(0)=0, a>0, ¢>0, aF(y)ly>c for y#0 and jo” [F(£) — cfja] d¢ — o0
as |y| - oo. If F(y) = ky where k >.c/a, verify that the characteristic roots of

the linear system have negative real parts. Show that the origin is asymptoti-
cally stable even when F is nonlinear. Hint: Choose V as a quadratic form

plus the term foy F(s) ds.

ExEercise 1.5. Suppose there is a positive definite matrix @ such that
J'(x)@ + @J (x) is negative definite for all =0, where J(x) is the Jacobian
matrix of f(x). Prove that the solution = 0 of Z = f (), f(0) = 0, is globally
asymptotically stable. Hint: Prove and make use of the fact that f(x) =

fol J(sx)x ds.

ExErcisE 1.6. Suppose you have the function V = y2¢~2 defined in the
whole (x, y)-plane and that relative to some differential equation V = —y2V.
Can one conclude anything about the solutions of the original differential
equation? If not, what is the trouble?

ExERcISE 1.7. Suppose h(z, y) is a positive definite function such that
h(x,y) > o as x% + y2 — oo Discuss the behavior in the phase plane of the
solutions of the equations

z=ex +y —zh(z,y),
y=c¢ey —x—yh(z, y),

for all values of ¢ in (—o0, 00).

ExErcrse 1.8, Consider the n-dimensional system & = f(x) 4 g(t) where
z'f (x) £ —k|x|2, k>0, for all z and |g(t)] £ M for all t. Find a sphere of
sufficiently large radius so that all trajectories enter this sphere. Show
this equation has a 7-periodic solution if g is 7-periodic. If, in addition,
(x —y)'[f (®) —f(y)] <O for all x # y show there is a unique 7'-periodic solu-
tion. Hint: Use Brouwer’s fixed point theorem.

ExERcCISE 1.9. Suppose f, g are as in Exercise 1.8 except g(f) is almost
periodic. Does the equation-Z = f () 4 g(f) have an almost periodic solution?

ExEercise 1.10.  Prove the zero solution of (1.7) is unstable if there is
an eigenvalue of 4 with a positive real part even though some eigenvalues
may have zero real parts.
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X.2. Circuits Containing Esaki Diodes

In this section, we give an example which illustrates many of the
previous ideas. Consider the circuit shown in Fig. 2.1. The square box in this
diagram represents an Esaki diode with the characteristic function f(v)
representing the current flow as a function of the voltage drop ». Kirchoff’s

L

i=f(v)

Figure X.2.1

laws imply that the relation between the current ¢ and voltage v are given by

di
2.1) Ld—'_E Ri — v % 1(i,v),

def

0% ) i

Vi, v),

where E, R, C, L are positive constants and vf (v) = 0 for all v.

Lemma 2.1. If there is an 4 > 0 such that zf(x) > E2/R for |z| > 4,
then every solution of (2.1) is bounded. In fact, every solution is ultimately in
a region bounded by a circle.

Proor. If W(i, v) = (Ls2 + Cv?)/2, then the derivative of W along solu-

tions of (2.1) is
— [Rz(@ —%) + vf(v)].

Let Wo=[L(E|R)2+4 CAZ?)/2. If W(i,v) > Wo, then either |i| >E/R or
|v| > A. If |i| > E/R, then W < 0 and if |i| < E/R, |[v| > A4, then

2
W<— [Ri2—Ei+%] —-— [Ri2—E(i—%)] < _Ri2<0,

For i =0, [v| > 4, we have also W < 0. Therefore, W < 0 in the region
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W (i, v) >W,. Since the region W < p is bounded for any p and W (i, v) - o0
as |i], || = oo, it follows that every solution of (2.1) is bounded. This proves
the lemma.

The problem at hand is to find conditions on f and the parameters in
(2.1) which will ensure that every solution of (2.1) approaches an equilibrium
point as ¢t — co0. Let f'(v) = df (v)/dv.

LEmMma 2.2. If the conditions of Lemma 2.1 are satisfied and f'(v) >0
for all v, then every solution of (2.1) approaches the unique equilibrium point
of (2.1).

Proor. First of all, it is clear there is only one equilibrium point of (2.1)
if f'(v) >0 for all v. If

1 1
’ —_— ]2 —— Ve
(2.2) Qi v) == 24 ¥

then the derivative of @ along the solutions of (2.1) is
(2.3) Q = —(RL-2I2 +f'C-2V?) 0.

Since Lemma 2.1 implies all solutions of (2.1) are bounded and ¢ = 0 only at
the equilibrium point, it follows from Theorem 1.3 that the assertion of
Lemma 2.2 is true. ’

The most interesting cases in the applications are when f’ changes sign
and, in fact, can take on values <<—R-1 so that equation (2.1) has three
equilibrium points. However, if f’ > — R-1 (only one equilibrium point), then
a limit cycle may appear unless there are other restrictions on f. In fact, one
can prove

TueoreMm 2.1. If —f’' < R-1, max,(—f’'/C) > R/L, then there is a value
of E such that equation (2.1) has at least one periodic orbit.

Proor. Choose E so that the equilibrium point (ip, vo) is such that
—f'(v0)/C > R/L. From Lemma 2.1, there is a circle Q with center at (0, 0)
such that the trajectories of (2.1) cross Q from the outside to the inside. If
1t =10+ u, v =109+ w, x = (u, w), then

(2.4) G=Az+ ... A—_-[_RL_I -~ ]

c1 —fj01

where . .. represents higher order terms in x and f; = f’(vo). The hypotheses of
the theorem imply that the eigenvalues of 4 have positive real parts. Replacing
t by —t in (2.4) has the same effect as replacing 4 by —A4, a matrix whose
eigenvalues have negative real parts. Lemma 1.6 implies there exist a positive
definite matrix B such that the derivative of W(z) = 2’ Bxralong the solutions
of (2.4) satisfies W(x) = —a'z + o(|x|2) as || —0. Returning to the original



322 OBDINARY DIFFERENTIAL EQUATIONS

time scale and using Lemma 1.2, one sees that the trajectories of (2.4) are
crossing the ellipses 2’ Bx = ¢ for ¢ > 0 sufficiently small from the inside to the
outside. The annulus bounded by one of these ellipses and the circle Q contains
a positive semiorbit of (2.1). The Poincaré-Bendixson theorem implies the
result.

To obtain more information for the case when f’ changes sign, observe
first that system (2.1) can be written as

o di oP
®9) &= a
_ dv _ oP
i
where
, .
(2.6) P(i, v) = Ei B et j f(s)ds
2 0
12
and
(B —v)? v
2.7) U) = 55—+ fof(s) ds.

THEOREM 2.2. If there isan 4 = 0 such that vf (v) = 0, vf (v) > E2/R for
|v] >4 and

(2.8) %Q+§>o

for all v, then each solution of (2.1) approaches an equilibrium point of (2.1)
as t— 0.

Proor. Consider the function S = @ + AP where Q is defined in (2.2), P
is defined in (2.6) and

2.9 A <E

Some straighforward but tedious calculations show that P along the solu-
tions of (2.1) is given by

(2.10) P=L112_C1p2,
Thus, relation (2.3) and (2.10) imply that § = Q + AP satisfies
S = —[(R—AL)L-2I2 4 (f' + A\0)C-2V2] £ 0
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f(v) f(v)

Figure X.2.2

by our choice of A. Furthermore 8 =0 if and only if I =0, V =0; that is,
only at the equilibrium points of (2.1). Since all solutions of (2.1) are bounded
from Lemma 2.1, the conclusion of the theorem follows from Theorem 3.1.

It is of interest to determine which equilibrium points of (2.1) are stable.
Let S be defined as in the proof of Theorem 2.2. If A satisfies (2.9), then one
can show that the extreme points of S are the equilibrium points of (2.1). Since
8 < 0, it follows from Theorems 1.1 and 1.2 that the stable equilibrium points
of (2.1) are the minima of S and the unstable equilibrium points are the other
extreme points of S.

Lemma 2.3.  If A satisfies (2.9), A 5% 0, then the extreme points of S(¢, v)
coincide with the extreme points of U(v) in the sense that the extreme points
of 8 coincide with the solutions of I =0, dU/év =0. Every strict local
minimum of U(v) represents a local minimum of S and hence a stable equilib-
rium point of (2.1).

Proor. A few elementary calculations yields

%j = —(RL1—)NI+C1V,

or

o8 AU
e _p1 -1 __ _fr0-1 .
P R-YRL NI —f'C-1V + o

If oU/ov =0 then R-Y(E —v)=f(v). If I =0, then ¢ = R-1(E — v). Thus,
I =0, 0U/ov = 0 implies ¥V = 0 and this in turn implies an extreme point of S.
If 08/9i =0, 8S/ov =0, then I = V =0 and this in turn implies 0U/ov = 0.
This proves the first part of the lemma.

The proof of the second part of the lemma is left as an exercise and
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involves showing that 92 U/ w2 >0 implieé the quadratic form

028
202

=5 52 fo i+

61,2 6 ov §

evaluated at an equilibrium point is positive definite.

EXxERcISE 2.1. Interpret the above results for f(v) having the shape
shown in Figs. 2.2a,b.

X.3. Sufficient Conditions for Stability in Nonautonomous Systems

In this section, we state some extensions of the results in Section 1 to
nonautonomous systems

(3.1) @ =f(t, x)

where f:[7, 0) X R* — R®, 7 a constant, is smooth enough to ensure that
solutions exists through every point (¢o, xo) in [, 00) X R=®, are unique and
depend continuously upon the initial data. Let Q be an open set in R” con-
taining zero. A function V: [r, o0) X Q— R is said to be positive definite
if V is continuous, V(f,0)=0, and there is a positive definite function
W: Q — R such that V(i, ) = W(z) for all (¢, ) in [7, ©) X Q. V(I z) is
said to possess an infinitely-small upper bound if there is a positive definite
function W(x) such that V(t, ) £ W(z), (¢, ) in[r, 00) X Q. If V: [, 0) X Q
— R is continuous, we define the derivative V(t, £) of V along the solutions
of (3.1) as

—1

where z(t, o, £) is the solution of (3.1) passing through (o, £) € [7, ©0) X R™.
If V(t, £) has continuous partial derivatives with respect to ¢, £, then

av(t, &) Lo £)

e H=— T

[ €).

TueoreM 3.1. If V:[r, o0) X Q— R is positive definite and V (¢, z) < 0,
then the solution z = 0 of (3.1) is stable. If, in addition, ¥ has an infinitely
small upper bound then the solution x = 0 is uniformly stable. If, furthermore,
—7V is positive definite, then the solution z = 0 of (3.1) is uniformly asymp-
totically stable.

ProoF. Since V(t, z) is positive definite, there exists a positive definite
function W(z) such that V(¢ ) = W(x) for all (¢, ) €[r, o0) X Q.. Let B(r)
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be the ball in R” of radius r with center at the origin. There is an r > 0 such
that B(r) c Q. For 0 < & <7, 0 <k = minz-W(x). For any to € [7, ), let
0 < 8 < ¢ be a number such that V(to, ) <k for |z| < 5. Such a § always
exists since V(fp, 0) = 0 and V is continuous. If z¢ is in B(8), then the solution
x(t) of (3.1) with z(to) = zp is in B(e) for ¢ = to since V(¢,z) <0 implies
V(t, z(t)) < V(to, xo), t = to. This proves stability of x =0.

If, in addition, ¥ has an infinitely small upper bound, then there is a
positive definite function Wi(x) such that V(t, z) < Wi(x) for all (¢, x) e
[, 0) X Q. With ¢, k as above, choose § > 0with Wy(z) < k for |z| < 8. Then,
for any to € [, ), zo in B(8), the solution z(t) of (3.1), z(to) = %o, is in B(e)
for t > tg since V(t, 2(t)) < V(to, xo) £ Wi(xo) for all ¢t. This proves uniform
stability of x = 0.

If, furthermore, — V (¢, ) is positive definite, then there is a positive
definite function Wa(x) such that —V (¢, ) = Wa(z) for all (¢, x) € [, o0) X Q.
The proof now proceeds in a manner similar to the proof of Theorem 1.1.

Let R+ =[0, ), V(t, x): R+ X R" — R be continuous, @ be any set in R”
and G be the closure of G. We say V is a Liapunov function of (3.1) on G if

(i) given z in G there is a neighborhood N of z such that V(¢, z) is
bounded from below for all t =0 and all z in N n G.

(i) V(t,2)< —W(@x)£0 for (t,z) in Rt X G and W is continuous
on G

If V is a Lyapunov function for (3.1) on G, we define

E={zin G: W(z)=0}.

THEOREM 3.2. Let V be a Liapunov function for (3.1) on G and let z(¢)
be a solution of (3.1) which is bounded and remains in @ for ¢ = ¢y = 0.

(a) Ifforeach p in G, there is a neighborhood N of p such that |f(t, z)|
is bounded for all £ > 0 and all x in N n G, then z(t) > E as t — oo.

(b) If W has continuous first derivatives on G and W = (9W/ax)f(t, z)
is bounded from above (or from below) along the solution z(t), then z(t) — E
as t— c0.

Proor. Let p be a finite positive limit point of x(¢) and {¢,} a sequence of
real numbers, ¢,~—> 00 as n—> oo such that z(t,) >p as n— 0o0. Conditions
(1) and (ii) in the definition of a Liapunov function imply that V(¢,, z(ts)) is
nonincreasing and bounded below. Therefore, there is a constant ¢ such that
V(tn, (tn)) —c as n — oo and since V(t, z()) is nonincreasing, V(t, z(t)) —c as

t— c0. Also, V(t, z(t)) < V(to, z(to)) — ft " W(x(s)) ds and hence

[ W) ds < 0.
11

0
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Part (a). Assume p is not in E. Let 6 > 0 be such that W(p) > 28 > 0.
There is an ¢ > 0'such that W(x) > 6 for x in Sas(p) = {x: |x — p| < 2¢}. Also
¢ can be chosen so that Sz¢(p) = N, the neighborhood given in (a). If x(#)

remains in Sp.(p) for all £ = ¢ = ¢y, then J;w W (x(s)) ds = 4+ oo which is a
contradiction. Since p is in the limit set of x(t), the only other possibility is
that x(t) leaves and returns to Sss(p) an infinite number of times. Since
|f(¢, )| is bounded in Sz¢(p), this implies each time that z(f) returns to
Sa¢(p), it must remain in Sz¢(p) at least a positive time 7. Again, this implies

ftw W (x(s)) ds = + o0 and a contradiction. Therefore W(p) = 0 and E contains
all limit points.
Part (b). Since ﬁ ® W(2(s)) ds < oo and W(z(t)) is bounded from above

(or from below), it follows that W(z(t)) —0 as t — co. Since W is continuous
W (p) = 0 and this proves (b).

Example 3.1. Consider the equation
(3.2) E=y,
y=—2—p)y,
where p(t) = 6 > 0. If V(z, y) = (22 + y?)/2, then
V=—p(t)y> < —8y2,

and V is a Liapunov function on R2 with W(z, y) =—8y2. Also, W =
—28(zy + p(t)y?) £ —28zy. Every solution of (3.2) is clearly bounded and,
therefore, condition (b) of Theorem 3.2 is satisfied. The set £ is the z-axis and
Theorem 3.2 implies that each solution x(t), y(t) of (3.2) is such that y(f) >0
as t — 00. On the other hand, if p(t) = 2 + ¢, then there is a solution of (3.2)
given as x(t) =1 + ¢, y(t) = —et. Since the equation is linear, every point
on the z-axis is a limit point of some solution. This shows that the above
result is the best possible without further restrictions on p.

Notice that the condition in (a) of Theorem 3.2 is not satisfied in
Example 3.1 unless p(t) is bounded.

A simple way to verify that a solution xz(t) of (3.1) remains in @ for
t = to is given in the following lemma whose proof is left as an exercise.

LemMMa 3.1. Assume that V({, z) is a continuous scalar function on
R+ x R™ and there are continuous scalar functions a(x), b(x) on R* such that
a(z) < V(t, ) <b(z) for all (¢, x) in R+ X R». For any real number p, let
A,={z in R": a(x) < p} and let G be a component of 4,. If @ is the com-
ponent of the set B, = {& in R™: b(x) < p} contained in Go and V £ 0 on Gy,
then any solution of (3.1) with x(tp) in G' remains in Gy for all ¢ > .

Notice that a(z) — 0o as || — o0 in Lemma 3.1 implies boundedness of
the solutions of (3.1).
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X.4. The Converse Theorems for Asymptotic Stability

In this section, we show that a type of converse of Theorem 3.1 for
uniform asymptotic stability is true. If ¥ (¢, z) is a continuous scalar function
on R+ x R» and z(t, to, %o) is the solution of (3.1) with z(to, ¢o, zo) = 2o, We
define the derivative V(s_l)(t, £) along the solutions of (3.1) as in Section 3;
namely,

—1
Vantt ) =Tm 2 [V(t-+h,alt+ b1, €) — VE.0] -
Our first converse theorem deals with the linear system since the essential

ideas emerge without any technical difficulties.

TuaeoreM 4.1. If A(t) is a continuous matrix on [0, o0) and the linear
system

(4.1) i=A(t)x

is uniformly asymptotically stable, then there are positive constants K, « and
a continuous scalar function ¥ on R+ X R such that

(4.2) @) [z =Vt 2) < Klaf,

(b) Vit 2) S —aV(t, 2),

(0 |Vt 2)—V(t,y)=Kl|z—y|
for all ¢ in R+, z, y in R™.

Proor. From Theorem III.2.1, there are positive constants K, « such
that the solution z(t, o, zo) of (4.1) with z(to, to, o) = xo satisfies

4.3) |2(t, to, Zo)] < Ke=0(t=to) ||

for all t > tp = 0 and all zg in R”. Define for ¢ = 0, zo in R»
(4.4) V(t, xo) = sup |z(t + 7, ¢, xo)|eo”.
=0
It is immediate from (4.3) that V(¢, o) is defined for all ¢, 2y and satisfies

(4.2a).
To verify (4.2c) observe that

| V(t, o) — V(t, yo)| < sup|z(t + 7, t, o) — x(t + 7, ¢, yo)|e>*
- 20

= sup |z(t + 7, ¢, To — yo)|e*”
720

= V(t, o —yo) = K |xo — yo|.



328 ORDINARY DIFFERENTIAL EQUATIONS

The proof of (4.2b) proceeds as follows:

1
(4 Hits o) = lim - i [sup lx(t + 7 + k, t + h, x0)|e** — sup |z(t + 7, ¢, xo)[eaf]

h->0* 720 720

—1 7
= lim = |sup|z(t + 7, ¢, zo)|exT—M — sup |2(t + 7, ¢, ®0)|e%®
h>0+ 1 [r2h

—1
< lim - [sup|x t+ 7, t, xo)|exT—M —suplx(t + 7t xo)leaf]
>0+t Lr=0

—[1
< lim [— sup |x(t + 7, t, xo)|ex7(e=a% —1)
h->0* 720

= —ocV(t, xo).
It remains only to show that V(t, xo) is continuous. Notice that

[V(t+ s, 2o+ yo) — V(t, xo)| < |V(E+ s, %o+ yo) — V(t +s, z(t+s, t, zo+y0))|
+|V(t+s, z(t + s, t, 2o + yo)) — V(¢, xo + yo)|
+ |V (¢, 20 + yo) — V (¢, 0)|.

The fact that the first and third terms can be made small if s, ¥ are small
follows from (4.2¢). The continuity of the solution of (4.1) in ¢ and an argu-
ment similar to that used in proving that V 4.;) existed shows the second term
can be made small if s is small. This proves right continuity. Left continuity is
an exercise for the reader.

Theorem 4.1 is a converse theorem for exponential asymptotic stability.
In fact, if there is a function V satisfying (4.2), and xz(¢) = x(t, to, o) is a
solution of (4.1), then

V(¢ 2(t)) < e~ t—ta V(ty, 2g) < Ke (=t |zg|.

The fact that V (¢, z) = |z| implies that x(t) satisfies (4.3).

The basic elements of the proof of the above theorem are the estimate
(4.3) and the lifting of the norm of « in the definition of V. If the lifting factor
7 had not been applied one would have only obtained V < 0.

Our next objective is to extend Theorem 4.1 to the nonlinear equation
(3.1). We need

Lrmma 4.1. Suppose f (¢, 0) = 0. The solution z = 0 of (3.1) is jiniformly
stable if and only if there exists a function p(r) with the following properties:

(a) p(r) is defined, continuous and monotonically increasing in an
interval 0 < r < n,

(b) p(0)=
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(¢) For any z in R®, |x| <7 and any ¢ = 0, the solution z(¢, to, xo),
z(to, to, o) = zo, of (3.1) satisfies

(2, to, zo)| < p(|zo])  for t=to.

Proor. The sufficiency is obvious. To prove necessity, suppose &£ > 0 is
given and let §(¢) be the least upper bound of all numbers §(¢) occurring in
the definition of uniform stability. Then, for any z in R#, |z| < §(¢), and any
to = 0, the solution z(¢, ¢y, o) of (3.1) satisfies |x(¢, to, o) < € for ¢ = #p. For
every 8; > §, there is an & in R", |%| < 8 such that |x(t, to, o)| exceeds & for
some value of ¢. Consequently, §(¢) is nondecreasing, positive for ¢ >0, and
tends to zero as ¢ tends to zero. However, §(¢) may be discontinuous. Now
choose §(¢) continuous, monotonically increasing and such that () < §(¢)
for ¢ >0. Let p be the inverse function of b. For any zo in R#, |z| < §(e),
there exists an & such that |zo| = 8(e1) and, thus, [2(2, to, zo)| < &1 = p(|20])-
This proves the lemma.

Lemma 4.2. The solution =0 of (3.1) is uniformly asymptotically
stable if and only if there exist functions p(r), 6(r) with p(r) satisfying the
conditions of Lemma 4.1 and 6(r) defined, continuous and monotonically de-
creasing in 0 < r < 00, §(r) -0 as r — co such that, for any xo in R?, |xo| <11,
and every to = 0, the solution z(¢, to, o) of (3.1) satisfies

|2(t, to, @0)| < p(|20])0(t —to),  t2to.

The proof of this lemma is left as an exercise.

TueorEM 4.2. If f(¢, 0) =0, f (¢, z) is locally lipschitzian in x uniformly
with respect to ¢ and the solution z = 0 of (3.1) is uniformly asymptotically
stable, then there exist an 71 >0, K = K(r;) >0, a positive definite function
b(r), a positive function ¢(r) on 0 < r < r; and a scalar function V (¢, x) defined
and continuous for ¢ > 0, z in R*, |z| < r, such that

(4.5) (@) || = V(t, z) < b(|=]),
(b) V@t 2) = —c(|z))V(t, 2) < —la| o(|]),
@ |Vt a)—V(Ety)| s Klz—yl,

forallt 20, z,yin R®, |z| < n, y| S n.

Proor. From Lemma 4.2, there exist functions p(r), 6(r), defined,
continuous and positive on 0 £ r < 71, 0 £ 7 < 00, such that p(r) is strictly
increasing in 7, p(0) = 0, f(7) is strictly decreasing in 7, (r) -0 as 7 — co and
for any z in R®, |x| < ry, the solution (¢, fo, o) of (3.1) satisfies

|(t, to, 2o)| < p(|wo|)O(t —t0), £t =102 0.
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One can also assume that 6(r) has a continuous negative derivative, and
6(0) = 1. From the properties of 6(r), there exists a function «(r) defined,
continuously differentiable and positive on 7>0, «(0)=0, o(r) strictly
increasing, «(t) — 00 as 7 — oo such that

0(7) = e~x(D), 720.
Suppose ¢(7) is a bounded continuously differentiable function on 0 < 7 < o0,

such that ¢(0) =0, ¢(7) >0, ¢’'(7) < &'(7) for 7 >0, ¢’ monotone decreasing,
and define

V(t, zo) = sup |2(t + 7, t, z0)| 2.
720

The function V(t, o) is defined for ¢ = 0, zo in R™, |zo| < 1 and satisfies

0] = V0, 20) < pl|ol) sup e+ — p( o S EN)

Furthermore, since there exists a continuous positive nondecreasing function
P(r), 0 <r £ r such that

p(|z])e—2@+a® < x|  for T2 P(|z]),
it follows that

V(t,zo)= sup |2(t+ 7,¢, zo)|ea™.
0=71= P(|zo|)

Consequently, for any & > 0, there is a 7}, 0 < 7% < P(|x(t + h, t, 20)|) such
that 7} is continuous in A and

V(t + A, z(t + h,t, o)) = lx(t +h+ T}? .t xo)leq(f'-‘).
If b+ 7)f = 74, then
V(t +h, z(t + h, t, xo)) = [x(t + 7, t, xo)|eq(r,.)e—q(r,.)eq(1,._h)
< V(t, zo)e—a(tmea(tr—n),

Therefore,

—1
Va.1(t, 20) £ —V(¢, zo) lim % [ea() — ea(mr—m)]e—a(Tn)
h

>0t
= —V(¢, zo)g'(0) < —V(t, 20)q'(P(|0|))
L e(|zo]) V' (¢, o)
< —Jo| ¢(|o|),

which proves (4.5b). Since fin (3.1) is locally Lipschitzian in z unifornily in ¢,
for any r¢ > 0, there is a constant L = L(rg) such that

Ix(t’ to ) xo) - x(ts to, ?lo)l é eL(t=to) lxo —?lol,
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for all ¢ 2 g and o, yo for which |x(t, to, zo)| < 7o, |2(t, to, yo)| < ro. Choose
7o = p(r1). Since P(r) is nondecreasing in r, it follows that
[Vt z0) — V(t,yo)| = sup |z(t+ 7, ¢, 20) —x(t + 7, t, yo)|e?®

0=7=P(r)

’ §[ sup e“eﬂ(”] |20 — yol|
0=7=< P(r)

&L K(r) |20 — yol,

for |xo|, |yo| < r. For r = r1, K = K(r1), this proves V satisfies the inequalities
of the theorem.
To prove V(t, zp) is continuous in ¢, xop we observe that

[V (t+ h, 2o + yo) — V (2, o)
S |V(E+h, 2o+ yo) — V(E+ A, z(t + &, ¢, 20 + yo))|
+ | V(¢ + h, 2(t + h, t, 2o + o)) — V(t, 2o + o)|
+ |V (¢, zo + yo) — V(t, xo)|.

The fact that the first and third terms can be made small if A, yo are small
follows from the lipschitzian property of ¥ and the continuity of the solution
of (3.1). The second term can be seen to be small if 4 is small by an argument
similar to that used in showing that V existed.

This shows right continuity. Left continuity is an exercise for the reader.

In Section 2, it was shown that a function V satisfying (4.5) implies that
the solution =0 of (3.1) is uniformly asymptotically stable. Therefore,
Theorem 4.2 is the converse theorem for uniform asymptotic stability.

X.5. Implications of Asymptotic Stability

In most of the applications that arise in the real world, the differential
equations are not known exactly. Therefore, specific properties of the solu-
tions of these equations which are physically interesting should be insensitive
to perturbations in the vector field with, of course, the types of perturbations
being dictated by the problem at hand. Therefore, one reasonable criterion on
which to judge the usefulness of a definition of stability is to test the sensitive-
ness of this property to perturbations of the vector field. In this section, we
use the converse theorem of Section 4 to discuss the sensitiveness of uniform
asymptotic stability to arbitrary perturbations as long as they are ““small.”
We need

Lemma 5.1.  Suppose f satisfies the conditions of Theorem 4.2, V is the
function given in that theorem, g(t, ) is any continuous function on R+ x R#
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intoR” and consider the equation

(5.1) &=f(t, z) + g(¢, x).
Then
(5.2) Visat 2) S —c(|2|) V(¢ ) + K |g(¢t, 2)|

forallt 20, |x| <.

Proor. Let x*(t, ¢, o), z*(%o, to, Xo) = o, be a solution of (5.1) and
Z(t, to, %0), (to, %o, x0) =0, a solution of (3.1). Using the definition of
V<5‘1) and relations (4.5b), (4.5¢), one obtains

—1
V (5.1t o) = hlim i [V(t+ h, 2*(t + R, ¢, 20)) — V(¢, 0)]
-0+

— T (V{4 b, alt + b &, 20)) — V(1 0)
h-»O“h

+ V(t+h, 2%+ k, £, 20)) — V(E+ b, x(t+ b, ¢, z0))]

—1
=< V(s,l)(t’ x9) + K}?f};; | x*(t+ b, t, xo) —x(t + h, t, zo)|

< V(S,l)(ts zo) + K |g(t; xo)l
é —C(Ix()‘)V(t, xO) + Klg(t’ xO)l

This proves the lemma.
Many results now follow directly from Lemma 5.1. In fact, if (3.1) is
linear, then equation (5.1) is

(53) &= A(t)e + g(¢, @),

and Theorem 4.1 states that ¢(|z|) in (4.5) can be chosen as a > 0. Therefore,
the inequality (5.2) becomes

(5.4) Vst 2) S —aV (6, 2) + K|g(t, 7).

If w(t, r) is a continuous function on R+ X R+, nondecreasing in r, such that
(5.5) lo(t, 2)] < wit, |2]),

then one sees that (4.2a) and (5.5) imply

(5.6) Viss < —aV + Kol(t, V).

Using our basic result on differential inequalities in Section 1.6 and relation
(4.2), one can state
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THEOREM 5.1. Suppose w(f, %) in (5.5) is such that for any ¢y = 0, %o = 0,
the equation

(5.7) = —ou+ Ko(t, u)

has a solution passing through ¢o,uo which is unique. If wu(t,to, uo),
u(to, to, uo) = uo , is a solution of (5.7) which exists for ¢ > #o and uo 2 K|zo|,
xo in R®, |xo| < 71, then the solution (¢, fo, o), Z(to, to, 7o) =0, of (5.3)
satisfies

(¢, o, xo)| < ult, to, wo), t2=to.
Another application of Lemma 5.1 is

THEOREM 5.2. If f satisfies the conditions of Theorem 4.2 and the
solution =0 of (3.1) is uniformly asymptotically stable, then there is an
r1 > 0 such that for any ¢, 0 < e <rjand any rz, ¢ <rg < 71, thereisa 6 >0
and a T >0 such that for any fo = 0 and any zo in R?, ¢ < |2o| < r2, the
solution z(t, to, xo), *(fo, %o, Zo) =20 of (5.1) satisfies |x(¢, to, x0)] <& for
t = to + T provided that |g(t, z)] <& for all ¢ 2 0, |z| < 1.

ProoF. The hypotheses of the theorem imply there is a function V (¢, )
satisfying the conditions (4.5) of Theorem 4.2. Choose 7; as in Theorem 4.2.
Without loss of generality, we may assume the functions b(s), ¢(s) in (4.5) are
nondecreasing. For any ¢, rz as in the theorem, we know that & < |z| <o
implies ¢(¢) >0 and ¢ < V(¢t, ) <b(rz). Furthermore, Lemma 5.1 implies

Vst @) £ —c(e) V(L 2) + K|g(t, )|
< —c(e)e + Klg(¢, )|

for all t = 0, ¢ < |z| < r2. Consequently, if = () represents a solution of
(5.1) with z(to) = 20, &€ < |xo| < 72 and K8 < ec(¢)/2 with |g(t, )] < 8 for all
t20, || <71, then V5,(t 2(t) £ —ec(e)/2 as long as & £ [2(t)] < ry. This
clearly implies that |x(to+ ¢, to, xo)| <& for ¢t = T > 2b(rz)/ec(e). This com-
pletes the proof of the theorem.

One could continue to deduce other more specific results but Theorems
5.1 and 5.2 should indicate the usefulness of the converse theorems of
Liapunov.

X.6. Wazewski’s Principle

The purpose of this section is to give an introduction to a procedure known
as Wazewski’s principle for determining the asymptotic behavior of the solutions
of differential equations. This principle is an important extension of the method
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of Liapunov functions. To motivate the procedure and to bring out some of the
essential ideas, we begin with a very elementary example.

Let us consider the scalar equation
6.1) x=x+f(t,%)

where f(¢,x) is continuous, smooth enough to ensure the uniqueness of solu-
tions and there is a continuous, nondecreasing function K(c),0 > 0, constants
k€ [0,1),0¢ >0, such that

0K(0) < ko? for o >0g
If(t,x)I < K(o)  fort>0,|x|<o.

The objective is to show that hypotheses (6.2) imply that Eq. (6.1) has a
solution which exists and is bounded for # > 0.

If V(x) = x%/2, then the derivative ¥ of ¥ along the solutions of Eq. 6.1)
satisfy

(6.3) P(x) = x® + xf(t,x) > (1 —k)|x|?

(6.2)

if [x| > 0¢. Consequently, on the set |x| = og, the vector field behaves as
depicted in the accompanying figure.

v N4

NN

If x(¢,x0) designates the solution of Eq. (6.1) satisfying x(0,x¢) = x, let
ST = {x0 €R:lxgl <0¢ and there is a 7 with x(r,x0) = g¢}
S* = {x9 €R:|x¢l < 0¢ and there is a 7 with x(7,x9) = —0¢}
S*=8FUS*.
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The set S* represents the initial values of all those solutions with initial value
xg in {Ix| < 0} which leave the region {|x| < g} at some time, S¥ the ones
which leave at the top of the rectangle and S* those that leave at the bottom
of the rectangle.

Clearly o9 € S¥, —0¢ € S*. It is also intuitively clear that S *# [—ag,0¢]
by the way some paths want to go to the top and some to the bottom. Let us
make this precise.

We prove first that S¥ are open in [—0¢,00]. If xo € S*, let 7 be chosen
so that |x(7,xg)| = 0¢. Inequality (6.3) implies there is an € > O such that
Ix(¢,xg)l > 0¢ for 7 <t <7 + €. Choose a neighborhood U of x(r + €,x9)
such that y € U implies |yl > 0¢. By continuous dependence on initial data,
there is a neighborhood V of xp, ¥ C [—0g,00] of xg such that, for every z in
V, there is a 7(z) such that the solution x(z,2) satisfies x(7(2),z) in U. In
particular, |x(7(2),2)| > g¢. Consequently, there is a 7(z) such that |x(7(2),2)!
= 0. This proves S are open in [—0g,00] .

Obviously, S¥ N §* = ¢. Thus, [—09,00]\S ™ is not empty. This is equi-
valent to saying that there is an xq € [—0q,00] such that the solution x(z, xq)
exists and satisfies | x (¢, xg)| < og for t >0, as was to be shown.

Let us now generalize these ideas to n-dimensions. Suppose © is an open
set in R x R™, f:@ - R™ is continuous and the solution ¢(¢,2g, xg),#(¢0,%0, X0)
= x(, of the n-dimensional system

(6.4) x = f(t,%)

depends continuously upon (¢,2g, xp) in its domain of definition.

For notation, let P designate a representative point (¢, x) of Q, (a(P),3(P))
designate the maximal interval of existence of the solution ¢(z,P) through
Pd(t,P) = (t,4(¢,P)) be the point on the trajectory through P at time ¢, and
for any interval I C (a(P),8(P)), let ®(7, P) = &(¢t,P) = (¢,4(¢,P)), t €I} be that
part of the trajectory through P corresponding to ¢ in I. Let w C £ be a fixed
open set, & be the closure of w in £2, and let dcw denote the boundary of w in 2.

Definition 6.1. A point Pg € dw is a point of egress from w with respect
to Eq. (6.4) and the set & if there is a § > 0 such that®([tg — §,29),Po) C w.
An egress point Pg is a point of strict egress from «w if there is a § > 0-such that
D((t0,t0 + 8],Po) C Q\@. The set of points of egress is denoted by S and the
points of strict egress by S'*.

Definition 6.2. If A C B are any two sets of a topological space and
K:B — A is continuous, K(P) = P for all Pin 4, then K is said to be a retraction
from B to A and A4 is a retract of B.

With these definitions, we are in a position to prove the following result
known as the principle of Wazewski.
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THEOREM 6.1. If S = S™* and there is a set Z C w U § such that Z N S
is a retract of S but not a retract of Z, then there exists at least one point Pg
in Z\S such that®([tg,8(Pp)),Po) C w.

ProoF. For any point Py in w for which there is a 7 € [¢,8(Pg)] such
that &(7,Pp) is not in @, there is a first time #p for which®(tp ,Po) is in S,
®(t,Po) is in w for ¢ in [tg,tp ). The point &(tp ,Po) is called the consequent
of Py and denoted by C(Pg). The set of points in w for which a consequent
exists is designated by G, the left shadow of S.

Suppose now S = S* and define the map K:G U S ~ S, K(P) = ((P) for
P € G, KP) = P for P € S. We prove K is continuous. If P € w and C(P)
= (tp,4(tp, P)), then S = S* implies there is a § > 0 such that®((tp — 8,2p),P)
C w, ®((tp,tp + 8),P) C Q\w. Since ¢(s,P) is continuous in (s, P), for any
€ > 0, there is an n > 0 such that |¢(s Q) — ¢(s,P)| <eforsE(tp —§,tp + 6)
if |Q — P| < n. This clearly implies that C(Q) > C(P)if Q > P.If Pisin S = S*,
then one repeats the same type of argument to obtain that K is continuous.

Since K is continuous, K is a retract of G U S into S.

If the conclusion of the theorem is not true, then Z\S C G, the left shadow
of S. Thus, Z C G U S. Since Z N § is a retract of S, there is a mapping
H:S -~ Z N S such that HP) = Pif Pisin ZNS. Themap HK:GUS>ZN S
is continuous, (HK)(P) = Pif Pisin Z N S. Thus G U S is a retract of ZN S.
Since Z C G U S, the map HK:Z -~ Z N S is a retraction of Z onto Z N S. This
contradiction proves the theorem.

As an example, consider the second order system

x = f(t,x,y)

y=g(t,x,9)

for (t,x,y) € @ = {t > 0,x,y in R}. Let w={(t,x,y):t>0,|x| <a,ly| <b},
where a > 0, b > 0 are fixed constants. Suppose

xf(t,x,¥)>0 on |x|=a, |yl <b,

yg(t,x,v) <0 on x| <a,lyl=b.

For the set w, we have S = §* = {(t,x,y):t > 0, x| = a, |yl < b}. Let
Z={(t,x,y):t=0,y =0, |x| <a}. Then Z NS is clearly a retract of S. How-
ever, Z N S is not a retract of Z. Thus, Theorem 6.1 implies there is a solution
of Eq. (6.5) which remains in w for ¢ > 0.

(6.5)

(6.6)

EXERCISE 6.]1. Generalize the previous example by replacing the conditions
(6.6) on f, g by the following:

w={(t,x,y):t >0, |x| <u(?), |yl <v(t),u,v continuous
together with their first derivatives «', 7'}
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xf(t, %,y) > u(t)u'(f) on x| =u(?), lyl <v(f)
yg(t, x,y) <v(t)v'(£) on x| <u(f), Iyl =v(t).

Give some examples of u,v,f,g which satisfy these conditions and interpret
your results in these special cases.

EXERCISE 6.2. Let H;:R X R™ > R,j=1,2,...,m be continuous to-
gether with fheir first denvatlves and let H; (to,xo) be the derivative of
H;(,x(t,x(t,t0,%0)) at (to,xo) along the solutlons of the Eq. (6.4). Define

w={(t,x)1nR”+1-:H]-(t,x)<0, j=12,...,m}
Ty ={(t,x) in R"* 1 Hy(t,%) = 0,H;(t,x) <0,  j=1,2,...,m}.

The T'y are called the faces of w. Suppose for each k = 1,2,...,m, and each
(t,x) € I'g, either

(@) Hi(t,x)>0

(b) (z,x) is not a point of egress.
Let Ly = {(t,x) in T satisfying (a)}, Mk = {(¢,x) in Tk satisfying (b)}. Prove
S=8*=Ul_ | L\UP My.

EXERCISE 6.3. One can use the results in Exercise 6.2 to prove results on
the asymptotic equivalence of systems. Consider the two systems

6.7) x; = f;(1)x; + gi(t,%), j=12,...,n,
©.8) % =f®y, j=12...,n

Suppose g = (€1, - . . »8&n), = (f1, . . . ,f) are continuous for t>T,(¢,x) EQ
= {(t,x):T <t < oo,x in R"} and a unique solution of Eq. (6.7) exists
through each point in 2. If there exists a continuous function F': [T,0) = [0,0)
and constant K such that

k<[ f©ds  veeT,

- ¢
f F(t)exp(frfj(s)ds)dt<°°, j=12,...,n,
lg(t,x)| <1x|F(f) on Q

then, for every solution y of Eq. (6.8), there is a solution x of Eq. (6.7) such
that
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lim;, » [x(£) —y(®)] = 0.
EXERCISE 6.4. Consider the second order equation
6.9) x+f(t,x,%x)=0

where f(¢,x,7y) is continuous for # > 0, x,7y in R™ and a uniqueness result holds
for the initial value problem for Eq. (6.9),

x* flt,x,y)+y+y>0 forall t>0,xinR",y+#0in R".

Then there exists a family of solutions of Eq. (6.9) depending on at least n
parameters such that, for any solution x in this family, there is a #9 > 0 such
that x(#) * x(¢) is nonincreasing for ¢ > to. Hint: Let b > 0,wp = {(¢,x,y) in
R2n+1 :2(t,x,y) <0,m(t, x,y) <0} where (¢, x,y)=x * y— b, m(t,x,y) = —t.
Let Zp, be a line segment joining points (£g,£1,11),(f0,£2,M2) in distinct compo-
nents of the set {(,x,y) in R¥n+1. . y = b,t > 0} with (#(,0,0) not in Z .
The principle of Wazewski yields a solution such that x()x(f) < b for t > tg.
To show x(#)x(¢) <0, take a sequence b,, - 0.

X.7. Remarks and Suggestions for Further Study

The main topic in the previous pages has been the application of the
direct method of Liapunov to the determination of the stability of solutions
of specific differential equations as well as the application of this method to
the deduction of qualitative implications of the concept of stability. This
chapter should serve only as an introduction and more extensive discussions
may be found in Hahn [1], Krasovskii [1], LaSalle and Lefschetz [1], Halanay
[1], Yoshizawa [2], Zubov [1]. The definition of Liapunov function used in
Sections 1 and 3 may be found in LaSalle [2]. Theorem 1.1, Lemma 1.5 and
Theorem 3.1 are due to Liapunov [1], Theorem 1.2 is essentially due to
Cetaev [1], Exercise 1.5 to Hartman [2]. Section 2 is based on the paper of
Moser [1]. The idea for the proofs of the converse theorems in Section 4 is due
to Massera [1].

The basic idea of the direct method of Liapunov is applicable to systems
described by functional differential equations as well as partial differential
equations. For a discussion of functional differential equations as well as
further references, see Krasovskii[1], Halanay [1], Hale [8], Cruz and Hale [1].
For partial differential equations, see Zubov [1], Infante and Slemrod [1].

The formulation of the topological principle in Section 6 was given by
Wazewski [1] although the idea had been used on examples before (see Hartman
[1] for more details). Exercise 6.2 is due to Onuchic [1], Exercise 6.3 to
Onuchic' [2]. Further extensions of the ideas of Wazewski and a more general
theory of isolating blocks may be found in Conley [1].



Appendix. Almost Periodic Functions

In this appendix, we have assembled the information on almost periodic
functions which is relevant for. the discussion in the text. Only the most ele-
mentary results are proved. More details may be found in the following books.

[A.1] H. Bohr, Almost Periodic Functions, Chelsea, New York, 1947.

[A.2] A. S. Besicovitch, Almost Periodic Functions, Dover, New York,
1954.

[A.3] J. Favard, Fonctions presque-periodiques, Gauthier-Villars, Paris,
1933.

[A.4] A. M. Fink, Almost Periodic Differential Equations, Lecture Notes
in Math., Vol. 377(1974), Springer-Verlag.

[A.5] B. M. Levitan, Almost Periodic Functions (Russian) Moscow, 1953.

[A.6] T. Yoshizawa, Stability Theory and the Existence of Periodic Solu-
tions and Almost Periodic Solutions, Applied Mathematics Sciences,
Vol. 14(1975), Springer-Verlag.

The books of Fink and Yoshizawa are very good presentations of the theory
of almost periodic functions and differential equations. The presentation below
follows these two books.

Notation. a,8, ... will denote sequences {a,}, {Br}, ... in R™. The nota-
tion B C « denotes f is a subsequence of @ a + 8= {oc,, + 8.}, —a={—a,}.
We say o, are common subsequences of o8 if o, = a,,(k) Bn = n(k) for some
function n(k), k¥ = 1,2,... . If f,g are functions on R and a is a sequence in
R, then Tof = g means hm,,_m f(t + o) exists and is equal to g(¢) for all
t € R. The type of convergence (uniform, pointwise, etc.) will be specified
when used. For example, we will write T f = g pointwise, Ty f = g uniformly,
etc. All functions considered will be continuous and complex valued functions
on R unless explicitly stated otherwise.

Definition 1. f is almost periodic if for every o' there is an a C ' such
that T, f exists uniformly.

If AP = {f:fis almost periodic}, |f| = sup;|f(¢)| if f € AP, then AP with
this norm is a normed linear space. It will be shown to be complete later.

339
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LeMMA 1. Every periodic function is AP.

PROOF. If T is the period of f and ' is a sequence, then there exists an
@ C o such that a(mod T) = {a,(mod T)} converges to a point 8. Then
Tof=f(+ + 8) uniformly.

LEMMA 2. Every almost periodic function is bounded.

PROOF. If not, there is a sequence o 'C R such that |f(ay)l = o as
n - o, But f € AP implies there is an @ C & such that T, f exists uniformly.
In particular, f(a,) converges which contradicts our supposition.

THEOREM 1. (Properties of almost periodic functions)

(1) AP is an algebra (closed under addition, product and scalar multi-
plication).

(2) If f€ AP, F is uniformly continuous on the range of F, then F-f€ AP.

(3) IffEAP,inf;|f(¢)|> 0, then 1/fE AP.

(4) Iff,gE€AP, then Ifl,f, min(f,g), max(f,g) EAP.

(5) AP is closed under uniform limits on R.

(6) (AP, |-])is a Banach space.

(7) If f € AP and df/dt is uniformly continuous on R, then df/dt € AP.

PROOF. We prove this theorem in detail since it is simple and illustrates
the way subsequences are used in Definition 1.

(1) If f,g € AP and o' C R, there exists o' C '’ such that Tj:,f exists
uniformly, T/, af exists uniformly for any complex number a. Also there exists
@ C o such that Tog exists uniformly. Thus, To(f + @) exists uniformly,
To(f8) = (TN (T Q) exists uniformly.

(2) If f € AP and F is uniformly continuous on the range of f, then,
for any &' C R, there exists @ C o such that T,(F:f) = F-T,f uniformly.

(3) If infy]f(®)| > 0, then 1/z is uniformly continuous on the range of f
and 1/f€AP.

(4) The same argument proves | f|,f € AP if f € AP by using the function
F(2) = |z, z, respectively. Since

min(f9) =3 [(F+9)—If—gll,  max(f9)=11(F+9)+1r—gll,

the remainder of (4) is proved by using (1).

(5) Suppose {f,} C AP, f continuous, |f, — f| > 0 as n —> . For any
o @R, thereexistsa’ D D+ ++DF* D=+ +such that Tinf,, exists uniformly,
n=1,2,... . Usé the diagonalization process to obtain § C o such that Tb-f,,
exists uniformly foralln=1,2,... .

For any € > 0, three is a kg(€) such that,forn=1,2,...,k > kg(€),tER

|f (¢ + Bn) —fr(t + Bn) | <e/3.
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For a fixed k > ko(€) choose N(k,e) such that, for n,m >N(k,€), t ER

| fic(t + Bn) — fe (¢ + B ) | <e/3.
Then, for n,m> N(k,e€), t ER,
[f(t+Bn) —f(t+ B )| KISF(2+ Bn) —fr (2 + B)l
+ 1fx(t + Ba) — fi(t + Bt + | fi(t + Bm) — (2 + B)| <e.

Thus, T f exists uniformly and f€ AP.
(6) This is obvious from (1) and (5).
(7) If fu(®) = n[f(t + 1/n) — f(©)], then the mean value theorem implies

F'{@O—HLO=F'O—F'(t+06(t,n))

for some t < 6(¢t,n) < t + 1/n. Since f'(¢) is uniformly continuous, we have
£(®) > £'(¢) uniformly on R. Since each f,, € AP, we have from (5) that f' € AP.
This completes the proof of the theorem.

The space AP contains all periodic functions. Theorem 1 shows that it
contains all functions which are sums of periodic functions and thus all trigo-
nometric polynomials. It also contains the uniform limit of trigonometric
polynomials. One can actually show (but the proof is not trivial) that 4P
consists precisely of functions which are uniform limits of trigonometric
polynomials.

To obtain other characterizations of almost periodic functions, we need
the following concept.

Definition 2. The hull of f, H(f), is defined by
H(f) = {g: there is an a C R such that T, f = g uniformly }
If fis periodic, then H(f) consists of all translates of f; that is,

H()={fr: (=@ +17),tER,TER}

and thus, H(f) is a closed curve in AP if fis periodic. If f€ AP, then H(f) may
contain elements which are not translates of f. In fact, if f(#) = cos ¢ + cosvV2. t,
then f € AP since it is the sum of periodic functions, but is not periodic since
it takes the value 2 only at ¢t = 0. Also, f(#) > —2 for all ¢ and there is an
o = {a,} C R such that f(oy) > —2. If « C & and T,f = g uniformly, then
g(0) = —2 and g cannot be a translate of f.

THEOREM 2. f € AP if and only if H(f) is compact in the topology of
uniform convergence on R. Furthermore, if f € AP then H(g) = H(f) for all

gE H().
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ProoF. If H(f) is compact, then for any o CR, there is an a C o such
that T, f exists uniformly and, thus f € AP.

Conversely, if f € AP, {g,} C H(f), then there is an ' = {oj,} such that
If(* + op) — gnl < 1/n (we have used the diagonalization process here). Also,
there is an a C o such that T,f = g exists uniformly. If @ = {,,} = {a, }, then
|f(* + &) — gk, | > 0 as n—> oo, Thus,

1§ — 8knl <1g—fC +an) | +1f( + an) — gk, | >0
as n—> oo, Thus, H(f) is compact.

To prove the last part of the theorem, if g € H(f) and k € H(g); that is,
there is an a = {a,} C R such that T,g = h uniformly, then there is a = {8,}
such that||f(+ + B,) — g(* + )| < 1/n. Thus, Tgf = h and h € H(f); that
is, H(g) C H(f). Conversely, if g € H(f), T,f = g, then T_,g = by the change
of variables ¢t + &, = s. Thus, f € H(g). Since H(g) is compact, this implies
H(f) C H(g). Finally, we have H(f) = H(g) and the theorem is proved.

To obtain another characterization of an almost periodic function, we need
the following definitions.

Definition 3. A subset S C R is relatively dense if there is an L > 0 such
that [a,a+ L] NS # ¢ for any aER.

Definition 4. If f is any continuous complex valued function on R, the
e-translation set of fis defined as

T(fe)={r:Ift+1)—f®I<e for tER}.

Definition 5. A continuous complex valued function fonR is Bohr almost
periodic if for every € > 0, T(f,¢) is relatively dense.

Lemma 3. A Bohr almost periodic function is bounded and uniformly
continuous.

Proor. If f(¢) is almost periodic, then for any % >0, there exist an [
and a 7 in every interval [t — I, ¢] such that

|f(®) —f@t—7)|<n  foralltin (—oo, o).

If we lett’ =t —7 then 0S¢’ <1 and |f(¢) —f ()| <. If |f(¢')] < B for
0 <t < lthen |f(¢)| £ B+ nforalltin (—oo, o). This proves boundedness.

Suppose 7, I are as above. Since f is continuous, it is uniformly contin-
uous on [—I, I] and we can find a & <I such that

Ife) —rfl<n i [ —| <8¢, e[

For any ¢y, t2 with &) <tg, |ty — t2| < 8, consider the interval [, ¢1 + I]. Let 7 be
an almost period relative to 7 in this interval. Then t=1# — 7, t; =1t — 7 are
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in[—1, 1] and |f(t1) —f(t)| <%, |f(t2) —f(t3)] <n. The triangle inequality
shows that | f(#1) — f(t2)| < 3w and this proves uniform continuity.

THEOREM 3. The following statements are equivalent:

(i) f€AP
(i) H(f)is compact in the topology of uniform convergence on R.
(iii) fis Bohr almost periodic.

ProoF. We have already proved (i) < (ii). We next prove (iii) = (i). Suppose
o C R. We first show that, for any e > 0, there is an a C o' such that

If(t+a)—ft+ay,)<e for all n,m

Let L be as in the definition of relatively dense for T(f, ), and choose & from
Lemma 1 so that |f(#) — f(s)| < e if |t —s| < 28. We may write the sequence
a={oz}asa, =By + Yn, bn €ET(f,7), 0 <7 <L, vn > v 2S00,
¥—6 <7y, <7y+6.Then

If(t+an)—f(t+am)lglf(t+ﬁn_ﬁm + Y = Ym) — @t —Bm + Yn — Ym!
+1f@—Bm + Y —Tm) —f+Yn —Tml
+1f@t+ v, —1m) —f@®OI<e€ YtER.

Now use the diagonalization process to get &'’ C @ C @ such that Ty fexists
uniformly.

We now prove (ii) = (iii). H(f) compact is equivalent to H(f) totally
bounded is equivalent to {f(¢ + 7):7 € R} totally bounded is equivalent to, for
any € > 0, there are ay, . . . ,a, and a function #(¢) from R to {1, ... ,n} such
that | f(¢ + a;(y)) — f(¢ + 7)| <e for all ¢,7. This is equivalent to

If@O—f@t+1—a;n)<e for all z.

If L = max|gl, then 7 — L <7 —a;(;) <7+ L and 7 — a;(;) € T(f,€).Thus,
T(fe€) is relatively dense with constant 2L.
This completes the proof of the theorem.

THEOREM 4. f€ AP if and only if

(iv) For any o/, C R, there are common subsequences & C o', 8 C
such that

To+pf = ToTpf pointwise.

PROOF. Suppose f € AP, o, CR are given and choose g’ C 8 such that
T?" f = g uniformly. Since g € AP, for o/’ C o’ common with ", there is an
n n

o" C o such that T,»g = h uniformly. Let §""" C " be common with o’
Then we can find common subsequences, @ C o”’, § C 8" such that Ty, gf =k
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uniformly and also note Igf = g, T, g = h uniformly. If € > 0 is given, then,
there is a ng such that, for all n >ng and all ¢,

k() —f(t + o, +B,) <€, 1g(t) —f(t+B) <€ |h(t) — gt +o,)| <€
Thus, for n>nyg,
() — kO < 1R(2) — gt + o) | + 1g(2 + ) —F(2 + 0y + By)
+1f(t+ o, +8,)— k()| < 3e

Since € is arbitrary, h = k; i.e. To4pf = T, Tpf uniformly and, in particular,
pointwise.

To prove (iv) implies f € AP, suppose 7' C R. Then there is a v C 7' such
that T, f exists pointwise. In fact, for &' = {0}, ' = 7', we know there are
common subsequences a C o, ¥ C v’ such that Ty, ,f = T,T,f pointwise.
Since & = {0}, this proves the assertion. Suppose that T, f does not exist
uniformly. Then there exist &/ C 8,8 Cvy,7 CR,e>0

*) 1f(n +70) = F (B + 1) 2 €.

Apply condition (iv) to o/,7' to obtain common subsequences &’ C o, 7"’ C 7'
such that T,», ,f = T T, f pointwise. Choose 8 C ' common to «,7"" and
apply (iv) to f”,7" to find B C 8", r C 7" such that T, gf = T, Tafpointwise.
Choose o + o' common to 8,7. Then T,;of = T, Tof pointwise from above.
But T,f = T,f = Tgf pointwise, since & C v, § C 7. Thus, T;1of = T, T, f
= T, Tgf = T, pf pointwise. At ¢ = 0, this contradicts (*) since 7 + § C r+8"
7+ aC 7' +d. Thus, the convergence is uniform.

This completes the proof of the theorem.

A remarkable consequence of Theorem 3 is that almost periodicity can be
decided by discussing only pointwise convergence as in (iv). This is generally
easier to check than uniform convergence on R.

From Proposition 1 and Theorem 1, the space AP contains all trigonometric
polynomials and all uniform limits of trigonometric polynomials. The converse
is also true and is stated without proof.

THEOREM 5. f € AP if and only if f can be uniformly approximated by
trigonometric polynomials.

It is natural to investigate the problem of the existence of a theory of
trigonometric series for almost periodic functions analogous to the theory of
Fourier series for periodic functions. The first fundamental result is

THEOREM 6. If fE AP, then the mean value
1 t+T
M[f] =lim7se 7 f(s)ds
t
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exists, is independent of ¢ and the convergence is uniform in ¢.
If fE AP, then fexp(—tA+) E AP for any real number A. Define

; 1 (7 :
a\.f)=M[fe "] =limr- Tfo fHe Mdt.

The set
A(f)={AER:a(\,f)# 0}

is called the set of Fourier exponents of f, the numbers a(\,f), X € A(f), the
Fourier coefficients and the Fourier series of f is designated by

f®)~ Zreapatine™.
Then, one can prove

THEOREM 7.  A(f) is denumerable. If f,g € AP, then f = g if and only if
A(f) = A(g) and a()\f) =a(\, g for \E A(f). If f~ E;\EAU)aO\ JS)exp(ne),
then Zyea (r)la(d J)I? < . The usual operations on Fourier series are valid.

For any sequence {\,} C R, the module of {)\,} is the set consisting of all
real numbers which are finite linear combinations of the {A, } with integer co-
efficients. We say {a;} C R is linear independent over the rationals if, for every
N>1, Eg 175 % = 0 for each r; rational implies 7y =0,k =1,2,...,N. The
sequence {09} is sa1d to be an integral base for {\,} if {ej} is hnearly inde-
pendent over the rationals and if each element of {A,} is a finite linear com-
bination of the {o;} with integer coefficients. If f € AP, the module m[f] of
fis the module of A(f). A function f € AP is called quasiperiodic if there exist
an integer N > 1, positive real numbers Ty, ...,Tx and a function F on RN
such that F(xy,...,xy) is periodic in x; of penod W] =12,...,N such
that f(£) = F(¢, . . . ,?).

Example 1. If £ is periodic of period 27/w, then m[f] = {nw,n=0,%1, ...}
and an integral base for m[f] in {w}.

Example 2. If f(f) = cost + cos2t + cosV/2t, then A(f) = {1,2,v/2},
m[f] = {n +mv2,n,m=0,%1, ...} and an integral base for m[f] is {1,v/2}.
This function f is quasiperiodic w1th

@) =F(z,0), F(x1,x2) = cosx] + cos2x1 + cosv/2xg.
Example 3. If 2:::1 la,| <o, a, # 0 for all n, then
f()=Z5_ et

isin AP, A(f) = {1/n, n=1,2,... }. What is m[f] and what is an integral base
for m[f]?



346 ORDINARY DIFFERENTIAL EQUATIONS

The following result is basic for differential equations. The proof is com-
plicated and contained in Fink, p. 61. In the statement of the theorem, *“con-
vergence in any sense”’ may be interpreted as “pointwise-convergence,” “uniform
convergence on compact sets,” “uniform convergence” or “mean convergence’’;
that is, f,, converges to fin the mean if M(|f, —f|2) —+0asn—>oo.

THEOREM 8. For f,g € AP, the following statements are equivalent:

@) mif] > mig]
(i) for any € >0, there is a-6 > 0 such that.T(f,8) C T(g,€)
(iii) T,f existsimplies T, g exists (any sense)
(iv) Tof = fimplies T, g = g (any sense)
(v) T,f = f implies there exists &' C & such that Tyg = g (any sense).

In the study of almost periodic differential equations, one encounters
frequently the simple equation y = f(#) where fE€ AP, M[f] = 0. For f periodic,
this equation always has a periodic solution. However, when f€ AP, M[f] = 0,
this may not be the case. In fact,

oy~ 3 Leith

n=1Mn

isin AP, M[f] = 0. However, if [*f is in AP, then
Jif ~ (constant) + Z,_ ;(— et

However, this latter funtcion is not in AP since the sum of squares of the
Fourier coefficients does not exist.

The following result is known about the integral of an almost periodic
function.

THEOREM 9. If f € AP, then [*fis in AP if and only if it is bounded.

In the applications to differential equations, this proposition generally can-
not be applied.

The next result due to Bogoliubov [1] is concerned with an AP approxi-
mation to the solution of the equation y — f(f) = 0 when fis AP, has M[f] =0
and does not necessarily have a bounded integral.

Lrmma 4. Suppose f is in AP, M[f] = 0. For every n > 0, there
is a continuous scalar function {(7), 0 <% < o, {(5) =0 as 5 —0 such that
the almost periodic function f, defined by

¢
M) frlt)= [ ene-of(s)ds
satisfies ”
(@) @) |ful®)] < 77,

(b) |dfy(t)/dt —f(®)] = L(n),
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for all ¢ in R. Also, m[f;] C m[f].

Proor. Since M[f]=0, there is a continuous nonincreasing scalar
function &(7T'), 0 < T < o0, &(T') =0 as T — oo such that |T‘1Jj+Tf(s) ds| £
&(T) for all ¢ in R. Furthermore, for any 7 >0,

fuy= [ et — ) as

© (k+1)T
=Y enkT f f(t — s)e-n(s-kT) ds.
k=0 kT

(#)] on

If B is a bound for |f — 00, 00), then the above relation yields

[ fa()] = Z e~ kT
F=0

(k+1)T
f f(t—s)ds
kT

© (k+1)T
+BY e'nka (1 —en(s=kT)) ds
E=o kT

) T ©
<Y emkTe(T)T + B j (1—ens)dsy enkT
k=0 0 k=0

< &(T)T[1 — e-nT}-1 + BT.

Since ¢(T) -0 as T'—oo0 and is nonincreasing, there always exists a unique
solution to the equation 1 —e—77 = ¢(T'). Suppose T is chosen to be this
solution. Since ¢(7") > 0 for all T, it is clear that T, — c0 as n—0 and this
together with the fact that &(7') -0 as T'— co imply that »T', —0 as n —0.
The solution 7', is obviously continuous in 5. If we let {(n) = (B + 1)3T,
then relation (2a) is proved.

From (1), it follows that

df rl(t)

3) —f () = —nfx(t)

and therefore, (2b) follows from (2a).
It remains to show that f,, € AP. Suppose o’ C R. Since f € AP, there is a

sequence o C o such that T,f exists uniformly. Thus, for any € > 0, there is
an N(e) such that

0
ot + ) = Falt +am < [ eMIf(t+5+ ) = (2 + 5+ a)lds

0
< ef_we"’ =e¢/n,

for n,m > N(e). This shows f,, € AP. The fact that m[f,] C m[f] follows
from Theorem 8. This proves the lemma.
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We want to study almost periodic solutions of an almost periodic dif-
ferential equation x = f(¢,x). Thus, we need to know when f(z,¢(¢)) is almost
periodic if ¢ € AP. In general, this is not true. One can see this from the
example f(¢,x) = sinxt by showing that f(¢,sin ) = sin (¢ sin #) is not uniformly
continuous. The difficulty arises from the fact that the e-translation set for
sin x ¢ is not well behaved in x.

An appropriate generalization of the definition of an almost periodic func-
tion depending on parameters is the following one.

Definition 6. A continuous function f:R X D - C", where D is open in
C", is said to be almost periodic in t uniformly for x € D if for any € > 0,
the set F(f,e) = . QKT(f (¢, x),€) is relatively dense in R for each compact set

K CD. Equivalently, if for any € > 0, and any compact set K C D, there exists
L(e,K) > 0 such that any interval of length L(e,K) contains a 7 with

[f@+71,x)—f(t,x)<e forallt€ER,xEK.

One can then prove the following results (see Fink or Yoshizawa).

THEOREM 10. If f(¢,x) is AP in ¢ uniformly for x € D, then f is bounded
and uniformly continuous on R X K for any compact set K CD.

THEOREM 11. If f(¢,x) is AP in t uniformly for x € D, then, for any
o CR, there is an & C o' and a function g(¢,x) which is AP in ¢ uniformly for
x € D such that f(¢ + &,,x) ~ g(,x) uniformly on R X K for any compact
set K CD.

Conversely, if f:R X D - C" is continuous and for any o' C R, there is
an a C o' such that, for any compact set K € D, f(¢t + a,,x) converges uni-
formly on R'X K, then f(¢,x) is AP in ¢ uniformly for x €D.

In general, functions AP in ¢ uniformly for x € D satisfy the same properties
as before if convergence is always uniform on compact sets K CD.

THEOREM 12. If f(¢,x) is AP in t uniformly for x € D, and ¢ € AP,
£(¢) EK, a compact set of D, then f(+)) EAP.

In the applications to differential equations, it is desirable to have an im-
provement of Lemma 4 in this more general situation. More specifically, one
wants an approximating solution of the equation

%
— —f(t, 2)=0,
— —f(t.2)
which is very smooth in z. One can apply Lemma 4 and more or less classical

smoothing operators to achieve this end result. If M[f(-, z)] denotes the
mean value of f (¢, z) with respect to ¢, then we have
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Lemma 5. Suppose f(¢,x) is AP in t uniformly with respect to x in
a set D containing the closed ball B, = {x in ck: x| <ot UM[f(,x)] = 0
for x in B, then for any o; < g, there are an ng > 0 and a function w(¢,x,m)
defined and continuous for ¢ in R, x in By, , 0 <n < g, which is almost
periodic in ¢ uniformly with respect to x in B, and 7 in any compact set of
©0,n9), m[w(:,x,m)] C m[f(-,x)], w(t, x,n) has derivatives of any desired
order with respect to x and is such that, if

ow(t, , )

ot _f(t’ z)a

g (ta x, 77) =
then g(t, z, 7)), qw(t, , n) and now(t, x, n)/ox approach zero as 7 — 0 uniformly
with respect to ¢ in R, z in By,. If, in addition, f(¢, ) has continuous first
partial derivatives with respect to x, then dg(t, z, n)/dx — 0 as 5 — 0 uniformly
with respect to ¢ in R, x in Bg,.

Proor. From Lemma 4, it follows that there is a function fy(t, z)
defined by (1) which is a.p. in ¢ uniformly with respect to  in B, and 7 in any
compact set such that

(4) | fa(t, @)| < 072L(m),

af'ﬂ(t: 12) o
ot

f(t’ r)=— nfﬂ(t’ z),

where {(n) -0 as n—0.
For a fixed a > 0 and some fixed integer ¢ = 1, consider the function
Ag(z) defined by

_{da(l —a—2|z|2)2e for |z| £ a
Bal)= :0 for |z| >a

where the constant d, is determined so that fB Ag(z) dz =1. Define
w(t, z, n) by

(5) w(t, &, m) = [, Aalz —9)falt, y) dy.

It is easy to see that w(t, z, ) is a.p. in # uniformly with respect to z in B, and
7 in any compact set since fy(¢, x) has the same property.

The function Ag(x —y) possesses continuous partial derivatives up
through order 2¢ — 1 with respect to  which are bounded in norm by a func-
tion G(a)/(area of integration) where G{(a), 0 <a < oo, is continuous. The
function G(a) may approach oo as @ —0. Therefore, from (4), the function
w(¢, z, ) defined by (5) has partial derivatives with respect to z up through
order 2¢ — 1 which are bounded by G(a){(n)y~!. Since ¢ is an arbitrary
integer, the number of derivatives with respect to x may be as large as desired.

Choose a = a; as a function of 7 in such a way that a, —0, G(a,){(n) -0
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as 7 —0. The conclusion of the lemma concerning nw(t, x, n) is therefore
valid since nw, ndw/ox are bounded by G(a,){(n).

For any o1 <o, choose 7o so small that o1+ a, <o for 0 <5 <7%o.
From the definition of Ag4(x), it follows that J- g Qa (x —y) dy=1 for every x

in Bg,, 0 <7 <mno. Therefore, from relations (4) and (5), it follows that

(6) 7tz ) = Aa,@—y)f(ty) —f(t, ®)] dy,
where § =g + nw. From the definition of Ag4(x), it follows that
lgtt,z, )l =  sup |f(t y) —f(t @)

0=slz—yl=ay

Since @, —0 as 7 —0 and f(t, x) is uniformly continuous for ¢ in R, x in By,
there is a continuous function 8(5), 0 <79 <mo, 8(n) =0 as n—0 such that
sup |f(t,y) —f(t, 2)| <8(n).

0=|z—y|<a,
Consequently, |g(¢, x, )| < 8(n) and |g(¢, , 7| < 8(n) + G(ay){(n) and g satis-
fies the properties stated in the first part of the lemma.
If, in addition, f (¢, ) has continuousfirst partial derivatives with respect
to x, then an integration by parts in relation (6) yields

5t 2, m) o1(ty) (9
N J.B"Aa"(x _y)[ or  ox ]dy.

The same type of argument as before shows that this expression is bounded by
a function 8)(n) which approaches zero as  —0. This completes the proof of
the lemma. )

If, in Lemma 5, the function f (¢, z) is periodic in some of the components
of z, then the function w(t, x, n) can also be chosen periodic in these com-
ponents with the same period.

If g is an n-vector and ¢ is an r-vector, then g(¢) is said to be multiply
periodic in ¢ with vector period w = (wy, ..., wr), w;>0,5=1,2, ..., r if
the function g is periodic in the 5 component of ¢ with period w;. If g(¢) is
multiply periodic, then the function g(¢1 + ¢, ..., ¢r+t) is AP in ¢ uniformly
with respect to ¢. It is therefore meaningful to define the mean value of this
function with respect to f. This concept of mean value was first used in
differential equations by S. Diliberto [1]. To simplify notations, let ¢ 4 ¢ =
(¢1+¢, ..., - +t) and designate the above mean value by

1 T
) Molg@=)im [ 9(6+0) d.

To understand this concept a little better, consider the case where ¢ is a
two-vector, ¢ = (¢1, ¢2) and
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9(P) ~ Y ayx eikudrtjods),
ik
In usual treatises on multiply periodic functions, the mean value of g is the

constant term in the Fourier series of g; that is, ago. According to defini-
tion (7),

Mylg@)l= Y  apeitutiion)
Js ki kp+jo=0

and this could be a function of ¢ if the frequencies u, w are such that p/w is
rational.

Lemma 5 has an appropriate generalization to the case of functions of
the form g(t, ¢, ) which are multiply periodic in the vector ¢, AP in ¢,
uniformly with respect to ¢ in Cr and x in By and M; ¢[g(t, $, )] =0.
Under these conditions, for any o1 < o, there are an 79 >0 and a function
W(t, ¢, 2, ), 0 <7n <mo, multiply periodic in ¢, ‘AP in t such that the
function

ow L oW
G, bz m) =—-+ Zo——a 5 —g(t, ¢, 2)
~

as well as nW, noW|[o¢, n0W [0x — 0 as 1 — 0 uniformly with respect to ¢ in R,
¢ inCr, zin By . If g(t, ¢, x) has continuous first partials with respect to =z,
then the partial derivatives of G(t, ¢, x, n) with respect to ¢,  also approach
zero as 7 — 0 uniformly with respect to ¢, ¢, . The proof of this fact is very
similar to the proof of Lemma 5 and may be found in Hale [3].
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stability of, 83
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€D,R™),2
normed linear, 1
phase, 37
state, 37



INDEX

Stability, exponential, 84

of invariant set, 54, 221, 240

of solution, 26

orbital, 221

under constant disturbances, 333
Stable on (—ee,e0), 182

strongly, 132
Structurally stable, 143
Subharmonic, 206

Torus, existence of, 231, 237
flow on, 70, 74

361

invariant, 250, 253 ff.
Trajectory, 18
Transformation, of van der Pol, 198
Transversal, 43, 52

Uniform boundedness, principle of, 4

Van der Pol equation, 60, 198, 254, 263
Variation of constants formula, 81

Wazewski, principle of, 335
Wronskian, 90



	Cover
	Title Page
	Copyright Page
	Preface
	Preface to Revised Edition
	Contents�
	CHAPTER 0. Mathematical preliminaries�
	0.1. Banach spaces and examples�
	0.2. Linear transformations�
	0.3. Fixed point theorems�

	CHAPTER I. General properties of differential equations�
	I.1. Existence�
	I.2. Continuation of solutions�
	I.3. Uniqueness and continuity properties�
	I.4. Continuous dependence and stability�
	I.5. Extension of the concept of a differential equation�
	I.6. Differential inequalities�
	I.7. Autonomous systems-generalities�
	I.8. Autonomous systems-limit sets, invariant sets�
	I.9. Remarks and suggestions for further study�

	CHAPTER II. Two dimensional systems�
	II.1. Planar two dimensional systems-the Poincare-Bendixson theory�
	II.2. Differential systems on a torus�
	II.3. Remarks and suggestions for further study�

	CHAPTER III. Linear systems and linearization�
	III.1. General linear systems�
	III.2. Stability of linear and perturbed linear systems�
	III.3. nth Order scalar equations�
	III.4. Linear systems with constant coefficients�
	III.5. Two dimensional linear autonomous systems�
	III.6. The saddle point property�
	III.7. Linear periodic systems�
	III.8. Hill's equation�
	III.9. Reciprocal systems�
	III.10. Canonical systems�
	III.11. Remarks and suggestions for further study�

	CHAPTER IV. Perturbations of noncritical linear systems�
	IV.1. Nonhomogeneous linear systems�
	IV.2. Weakly nonlinear equations-noncritical case�
	IV.3. The general saddle point property�
	IV.4. More general systems�
	IV.5 The Duffing equation with large damping and large forcing�
	W.6 Remarks and extensions�

	CHAPTER V.  Simple oscillatory phenomena and the method of averaging�
	V.1. Conservative systems�
	V.2. Nonconservative second order equations-limit cycles�
	V.3. Averaging�
	V.4. The forced van der Pol equation�
	V.5. Duffing's equation with small damping and small  harmonic forcing�
	V.6. The subharmonic of order 3 for Duffing's equation�
	V.7. Damped excited pendulum with oscillating support�
	V.8. Exercises�
	V.9. Remarks and suggestions for further study�

	CHAPTER VI.  Behavior near a periodic orbit�
	VI.1. A local coordinate system about an invariant closed curve�
	VI.2. Stability of a periodic orbit�
	VI.3. Sufficient conditions for orbital stability in two dimensions�
	VI.4. Autonomous perturbations�
	VI.5. Remarks and suggestions for further study�

	CHAPTER VII. Integral manifolds of equations with a small parameter�
	VII.1. Methods of determining integral manifolds�
	VII.2. Statement of results�
	VII.3. A " nonhomogeneous linear " system�
	VII.4. The mapping principle�
	VII.5. Proof of Theorem 2.1�
	VII.6. Stability of the-perturbed manifold�
	VII.7. Applications�
	VII.8. Exercises�
	VII.9. Remarks and suggestions for further study�

	CHAPTER VIII. Periodic systems with a small parameter�
	VIII.1. A special system of equations�
	VIII.2. Almost linear systems�
	VIII.3. Periodic solutions of perturbed autonomous equations�
	VIII.4. Remarks and suggestions for further study�

	CHAPTER IX. Alternative problems for the solution of functional equations�
	IX.1. Equivalent equations�
	IX.2. A generalization�
	IX.3. Alternative problems�
	IX.4. Alternative.problems for periodic solutions�
	IX.5. The Perron-Lettenmeyer theorem�
	IX.6. Remarks and suggestions for further study�

	CHAPTER X.  The direct method of Liapunov�
	X.1. Sufficient conditions for stability and instability in autonomous systems�
	X.2. Circuits containing Esaki diodes�
	X.3. Sufficient conditions for stability in nonautonomous  systems�
	X.4. The converse theorems for asymptotic stability�
	X.5. Implications of asymptotic stability�
	X.6. Wazewski's principle�
	X.7. Remarks and suggestions for further study�

	APPENDIX  Almost periodic functions�
	References�
	Index�



